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Foreword

In 1962 a committee of the Division of Mathematics of the
National Research Council presented to the Space Science Board of
the National Academy of Sciences a report on the current and
anticipated uses of mathematics in space activities. A key finding
was the need for much more intensive work in various mathematical
areas, both to develop more powerful results in these areas and to
discover ways of using the existing knowledge more effectively. The
Summer Seminar of 1963 was planned to fill this need in part. It was
the third Summer Seminar in Applied Mathematics sponsored by
the American Mathematical Society.

In order to keep the Seminar within bounds and to achieve
reasonable coherence, many mathematical areas of great importance
and urgency for space activity were not considered at the Seminar.
The most notable omissions are the area of nonlinear differential
equations, which is of use in the study of guidance systems for
propulsive space vehicles, and various areas of statistics, such as
those involved in the design of experiments to be performed in space,
analysis of large amounts of data from experiments aboard space
vehicles, etc.

Primarily, the topics considered at the Seminar were those having
to do with the behavior of nonpropulsive space vehicles. Inevit-

ix



x FOREWORD

ably, this led to heavy emphasis on the theory of orbits. For this
reason, the Seminar was combined with the fifth annual Summer
Institute in Dynamical Astronomy. Four previous Summer Institutes
in Dynamical Astronomy have been sponsored by Yale University,
in the summers of 1959 through 1962. They were devoted primarily
to topics in the theory of orbits, and were more restricted in scope
than the present Seminar.

The orbits of most present and planned space vehicles differ so
markedly from the orbits of the classical celestial bodies that only
parts of the classical theories of celestial mechanics are applicable.
Much effort is being expended to determine which of the classical
methods are applicable, to find suitable modifications of some of the
classical methods to make them more widely applicable, and to find
new methods to handle novel situations.

Such matters were a main concern of the four previous Summer
Institutes in Dynamical Astronomy, and received a considerable
amount of attention at the present Seminar; it was to assure this
that the Seminar was combined with the fifth Institute. Notes were
compiled for the Institute of 1959, but their supply is exhausted.
Notes for the Institute of 1960 were edited by William E. Felling
and published in 1961 by The McDonnell Aircraft Corporation,
St. Louis, Missouri, under the title, “Notes of the Summer Institute
in Dynamical Astronomy at Yale University, July 1960”. Copies
of these notes can be obtained from The McDonnell Aircraft
Corporation.

The Institute of 1961 was held at Tucson, Arizona, and the
Institute of 1962 was held at Yale University. Only scattered notes,
mostly in mimeographed form, survive from these meetings. Some
of these were collected and have been included in the present
Proceedings. Specifically, from the Institute of 1961 come the
chapters: Precession and nutation by Alan Fletcher; Lectures on
regularization by Paul B. Richards. From the Institute of 1962 come
the chapters: Problems of stellar dynamics by G. Contopoulos; Matrix
methods by J.M.A. Danby; The effect of radiation pressure on the
motion of an artificial satellite by Gen-ichiro Hori; The two variable
expansion procedure for the approximate solution of certain nonlinear
differential equations by J. Kevorkian; Stability and small oscillations
about equilibrium and periodic motions by P. J. Message; The
spheroidal method in satellite astronomy by John P. Vinti.
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Some of the lectures of the earlier Institutes, and of the present
Seminar, have been published elsewhere, either separately or as
parts of larger works. Indeed, some lectures excerpted particularly
relevant material already in print. Besides the Notes of the 1960
Institute already cited, a list of publications containing material
not covered in the present Proceedings which was presented in
lectures at the Institutes and the Seminar follows:

R. F. Arenstorf, Periodic solutions of the restri-ted three body prob-
lem presenting analytic continuations of Keplerian motions, Amer. J.
Math 85(1963), 27-35.

V. 1. Arnol’d, The stability of the equilibrium position of a Hamil-
tonian system of ordinary differential equations in the general elliptic
case, Dokl. Akad. Nauk SSSR 137(1961), 255-257 = Soviet Math.
Dokl. 2(1961), 247.

, Generation of quasi-periodic motion from a family of periodic
motions, Dokl. Akad. Nauk SSSR 138(1961), 13-15 = Soviet Math.
Dokl. 2(1961), 501.

, The classical theory of perturbations and the problem of
stability of planetary systems, Dokl. Akad. Nauk SSSR 145(1962),
487-490 = Soviet Math. Dokl. 3(1962), 1008.

, Proof of A. N. Kolmogorouv’s theorem on the preservation of
quasi-periodic motions under small perturbations of the Hamiltonian,
Uspehi Mat. Nauk SSSR 18, Ser. 5 (113), 1963, pp. 13-40.

, Small divisor and stability problems in classical and celestial
mechanics, Uspehi Mat. Nauk SSSR 18, Ser. 6(119), 1963, pp. 81-192.

R. E. Bellman, Adaptive control processes; a guided tour, Princeton
Univ. Press, Princeton, N. J., 1961.

R. E. Bellman and S. Dreyfus, Applied dynamic programming,
Princeton Univ. Press, Princeton, N. J., 1962.

D. Brouwer, Solution of the problem of artificial satellite motion
without drag, Astronom. J. 64(1959), 378-397.

D. Brouwer and G. M. Clemence, Methods of celestial mechanics,
Academic Press, New York, 1961.

D. Brouwer and G. Hori, Theoretical evaluation of atmospheric
drag effects in the motion of an artificial satellite, Astronom. J.
66(1961), 193-225; 264-265.

C. J. Cohen and E. C. Hubbard, A non-singular set of orbit elements,
Astronom. J. 67(1962), 10-15.

C. C. Conley, A disk mapping associated with the satellite problem,
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Comm. Pure Appl. Math. 17(1964), 237-243.

S. Dreyfus, Dynamic programming and the calculus of variations,
J. Math. Anal. Appl. 1(1960), 228-239.

W. J. Eckert and D. Brouwer, The use of rectangular coordinates in
the differential correction of orbits, Astronom. dJ. 46(1937), 125-132.

B. Garfinkel, Motion of a satellite in the vicinity of the critical in-
clination, Astronom. J. 65(1960), 624-627.

Y. Hagihara, Theories of equilibrium figures of a homogeneous rotat-
ing fluid mass, Blaisdell, New York, forthcoming.
, Celestial mechanics, Blaisdell, New York, forthcoming in
four volumes.

Paul Herget, The computation of orbits, Observatory of the Univer-
sity of Cincinnati, 1948.
, Computation of preliminary orbits, Astronom. J. 70(1965),

1-2.

G. Hori, Motion of an artificial satellite in the vicinity of the critical
inclination, Astronom. J. 65(1960), 291-300.

A.N. Kolmogorov, Dokl. Akad. Nauk SSSR 98(1954), 527-530.
, General theory of dynamical systems and classical mechan-
ics, Proc. Internat. Congr. Math., Amsterdam, 1954, (Amsterdam:
Erven P. Nordhoff, 1957), Vol. 1, pp. 315-333.

W. T. Kyner, Qualitative properties of orbits about an oblate planet,
Comm. Pure Appl. Math. 17(1964), 227-236.

., A mathematical theory of the orbits about an oblate planet,
J. Soc. Indust. Appl. Math. 13(1965), 136-171.

J. Moser, Nonexistence of integrals for canonical systems of differ-
ential equations, Comm. Pure Appl. Math. 8(1955), 409-436.

, On invariant curves of area-preserving mappings of an
annulus, Nachr. Akad. Wiss. Gottingen Math.-Phys. KI., No. 1
(1962), 1-20.

, Stability and nonlinear character of ordinary differential
equations, Proc. Sympos. on Nonlinear problems, 1962, Univ. of
Wisconsin Press, Madison, Wis., 1963, pp. 139-150.

P. Musen, Special perturbations of the vectorial elements, Astronom.
J. 59(1954), 262-267.

S. Ostrach, Melting ablation, to appear in 1966 as one of the Inter-
national Series of Monographs on Interdisciplinary and Advanced
Topics in Science and Engineering, Pergamon Press, Oxford.

C. L. Siegel, Iteration of analytic functions, Ann. of Math. 43(1942),
607-612.
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, Uber die Existenz einer Normalform analytischer Hamilton-
scher Differentialgleichungen in der Nihe einer Gleichgewichtlisung,
Math. Ann. 128(1954), 144-170.

Together with the above references, the present Proceedings
should acquaint the reader with the current state of research on the
behavior of nonpropulsive space vehicles, indicate the more pressing
unsolved problems, and furnish examples of mathematical techniques
which are currently useful. It is hoped that the reader will be stimu-
lated to make contributions of his own, either in the way of developing
better mathematical techniques, or finding more ingenious uses of
existing ones.

Besides presenting much new and advanced material, an effort is
made in these Proceedings to give readers basic information, in
fields other than their own, which they need to have a full under-
standing of space problems in their own fields. Accordingly an effort
is made to acquaint the mathematical specialists with the key space
problems in aerodynamics, geophysics, orbit theory, etc.; to acquaint
orbit specialists with useful mathematical techniques, and to give
them enough background in geophysics, aerodynamics, etc. for them
to see the relevance of these areas for the new orbits required for
space exploration; and so on, for other areas represented in space
activity. Thus, for the benefit of the readers who are not specialists
in orbit theory, there is included the chapter Elliptic motion by
J. M. A. Danby. This is a summary exposition of the simplest orbit
problem, the problem of two bodies. However, it includes only those
points of especial relevance for space activity, and makes no effort to
cover alldevelopments that have been made in the two-body problem
in the more than three hundred years since Newton gave the first
solution.

Useful mathematical techniques for orbit studies are presented in
the chapters Matrix methods by J. M. A. Danby, The Lagrange-
Hamilton-Jacobi mechanics by Boris Garfinkel, Stability and small
oscillations about equilibrium and periodic motions by P. J. Message,
Lectures on regularization by Paul B. Richards, and The spheroidal
method in satellite astronomy by John P. Vinti. For near earth satel-
lites, precession and nutation play such a prominent role that the
chapter Precession and nutation by Alan Fletcher is almost required
reading for anyone concerned with near earth satellites. For satellites
that go further afield and also come near the moon, the motion is
essentially covered by the “restricted problem of three bodies” in
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which the mass of one body is infinitesimal compared to the masses
of the other two. This is dealt with in the chapter Notes on a two-degree-
of-freedom irreversible dynamical system: the restricted problem of three
bodies by Victor Szebehely. The chapters Problems of stellar dynamics
by George Contopoulos and Qualitative methods in the n-body problem
by Harry Pollard are explanations of some classic techniques of
interest.

To a first approximation, a small object will remain at one vertex
of an equilateral triangle of which the earth and moon are the other
two vertices; it rotates at the same rate as the earth and moon about
a common center of gravity. This “triangular point” has been
proposed as a good place to park a permanent space station, say for
communication purposes. However, the pull of the sun would cause
the space station to wander about the “triangular point,” perhaps to
the extent of rendering it useless. Though this question is of
immediate concern, no completely satisfactory treatment exists. Five
chapters deal with aspects of this, namely Motion in the vicinity of the
triangular libration centers by André Deprit, Motion of a particle in
the vicinity of a triangular libration point in the earth-moon system
by J. Pieter de Vries, The dominant features of the long-period libra-
tions of the Trojan minor planets by P. J. Message, Outline of a theory
of nonperiodic motions in the neighborhood of the long-period librations
about the equilateral points of the restricted problem of three bodies by
Eugene Rabe, and Elements of a theory of librational motions in the
elliptical restricted problem by Eugene Rabe.

Many artificial satellites have orbits very close to the earth, and as
a result these orbits are much more perturbed by irregularities in the
potential field of the earth than is the case for the more distant
natural celestial objects. This is compelling a more careful study of
the distribution of masses within the earth, as well as requiring new
methods for taking account of the effects on orbits of irregularities in
this distribution. Thus it is that two chapters are devoted to ques-
tions of geophysics, and relevant matters, namely, The shape of the
earth in the light of recent discoveries in space science by John A.
O’Keefe and The stability of a rotating liqguid mass by John A. O’Keefe.

If the orbit of some satellite is known with sufficient precision over
a considerable period of time, one can make many inferences about
the potential field of the earth. The determination of such an orbit is
based on observations from various stations on the earth. To deter-
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mine the orbit with precision from these observations requires know-
ledge of the positions of the stations relative to the equipotential
surfaces of the earth’s potential field, and hence some knowledge of
the potential field. The question of finding what orbits and potential
fields are consistent with a set of observations is very difficult at best.
Since the observations cannot be totally free from error, it may be
that no orbit or potential field is exactly consistent with them, and
one must use variational and optimization techniques to find an orbit
and potential field that gives a “best fit.”” A specific discussion of this
point is given in the chapter Geodetic problems and satellite orbits
by W. H. Guier. Relevant general mathematical techniques are
discussed in the chapter Elements of calculus of variations and opti-
mum control theory by Magnus R. Hestenes.

Many artificial satellites have low orbits, where the drag of the
atmosphere is not negligible. To understand better the nature of this
drag requires investigation into some difficult areas of aerodynamics.
Presentations were made at the Seminar of the latest results in this
area, and are recorded in the chapters Basic fluid dynamics by S. F.
Shen and Shock waves in rarefied gases by S. F. Shen. In extreme
cases, such as re-entry or flow inside rocket nozzles, there may be
chemical dissociation and other effects. These are discussed in the
chapter Models of gas flows with chemical and radiative effects by
F. K. Moore. The specific effects of drag on a satellite orbit are dis-
cussed in the chapter Decay of orbits by P. J. Message. Other
peculiarities of the orbits of artificial satellites are discussed in the
chapter The effect of radiation pressure on the motion of an artificial
satellite by Gen-ichiro Hori.

In all too many problems of the most immediate urgency, no
suitable theoretical treatments have yet been perfected, and the best
that can be done is to seek approximate numerical answers by means
of high speed computers. A discussion of computational techniques
is given in the chapter Special computation procedures for differential
equations by S. V. Parter.

Although very little was said at the 1963 Seminar about general
techniques for solving nonlinear differential equations, a chapter
on the subject is included from an earlier Institute, namely The two
variable expansion procedure for the approximate solution of certain
nonlinear differential equations by J. Kevorkian.

A topic which now particularly timely, namely the rendezvous of
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two space vekicles, is treated in Rendezvous problems by J. C. Houbolt.
The Seminar was supported by the following government agencies:

National Science Foundation,

Air Force Office of Scientific Research,

National Aeronautics and Space Administration,
Army Research Office (Durham),

Office of Naval Research,

Atomic Energy Commision.

The success of such a Seminar is the result of much dedicated work
and planning by many individuals. Gordon L. Walker, Executive
Director of the American Mathematical Society, contributed greatly
to the planning and functioning of the Seminar. Edmund T. Cranch,
of the Engineering College at Cornell University, served as Adminis-
trative Director. He handled matters of preparation skillfully and,
with the assistance of Margaret Kellar from the Office of the
American Mathematical Society, managed the day-by-day operation
of the Seminar in a highly satisfactory fashion. The enthusiastic
office staff of Ann Smith, Virginia Cranch, and Neva Strever were
effective in the many things, both obvious and unseen, that they did
to promote the success and unity of the Seminar. Space for offices
and meetings, and many forms of cooperation, were furnished by
Cornell University and members of its staff. The scientific planning
and direction were done by the Joint Invitations and Organizing
Committee. Its members were Dirk Brouwer, Director of Yale
University Observatory; Morris Davis, Director of Yale Computer
Center; William R. Sears, Director of the Graduate School of Aero-
space Engineering of Cornell University; Victor Szebehely, Manager
of Space Mechanics Operation, General Electric Company; and
Chairman, J. Barkley Rosser, Director U. S. Army Mathematics
Research Center, The University of Wisconsin. During the Seminar,
Dirk Brouwer served as Associate Director and Morris Davis as
Assistant Director. They assumed day-by-day responsibility for the
staff and program, and also furnished valuable advice and continuity
with previous Institutes.

J. BARKLEY ROSSER
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J. M. A. Danby

N67 14411
Elliptic Motion )

1. Introduction to the mechanics of celestial bodies.

1.1. Newton’s Law of Gravitation. Celestial mechanics is, in the
main, a branch of Newtonian mechanics, and the fundamental law is
Newton’s law of gravitation. It is true that this law may not cover
every contingency in cosmogony, but its inadequacies in celestial
mechanics are few indeed. Also, in cases where the relevant argu-
ments of general relativity have achieved explicit forms, the result-
ing modifications to motion governed by Newton’s laws have been
dealt with by established perturbation theories of celestial mechanics
(see [5]).

Newton’s law states that: “any two particles attract each other
with a force that is proportional to the product of their masses
and inversely proportional to the square of the distance between
them”. Let the particles have masses m, and m,, and position vec-
tors r; and 1, respectively. Then the force exerted by m, on m, can
be written

- k2m1 my(r; — 1'2)/|l'1 - l'2| 5.

(In these notes a vector is written in boldface type. A unit vector

is written with a “cap” above it, i.e., f, and |r|, or simply “r”’ stand

for the modulus of r. It is assumed that the reader is acquainted with
1
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elementary vector algebra and calculus; if not, see [2].) k% is often
written as “G”, and the value in c.g.s. units is about 6.67 X 107°

Consider a system of masses m,, my, ---,m, at I, r; ---,In They
will exert a total force on a mass m at r of amount

— k2mz m,-(r— r,~)/|r b l','|3.
i=1

The particle m will experience some force wherever it is, and the n
bodies are said to set up a “field of force””. The strength of a field of
force at a point r is the force exerted on a particle of unit mass placed
at r. Strictly, the word “force” in this context means ‘“‘force per
unit mass”. The n bodies produce, therefore, a field of force

n

1.1.1) — kY mi(r—r)/|r—

i=1
In the system of n masses the force acting on m; is
— kY mimir—r1)/ |-
J=1j=i
This can be calculated from the gradient of the “force function”

n

(1.1.2) U=k mm/|r— 1.

j=1i<j
For instance, the x-compo;ent would be aU/dx;. Since
=1 = {(x—x)*+ (i — ¥+ (@ — z)*
then
alr — 1| /oxi = (xi — x){ (xi — x)* + (vi — )i+ @i— )t
and
U/ dx; = — k2_ ; mim(x; — %)/ 16— )
J= i

The force function is the negative of the work that would be done
in assembling the system of n bodies from a state of infinite diffusion.
As the words are normally used, it is minus the potential; but this
convention is not universal, and I shall use only force functions here.

The transition from particles to solid bodies is accomplished by
integration. Consider the force function of a uniform, thin spherical
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F1GuURE 1. Force Due to a Shell

shell at a point O outside the shell (see Figure 1). Let the shell have
center C, radius a, thickness da, and density p; and let OC = r, If P
is a point on the shell, let the angle OCP = ¢. Divide the shell into
thin rings perpendicular to OC and defined by ¢ lying within the
limits 6 and # 4+ d. The radius of a ring is a sin6, and its mass is

p2ra sinfadida.
Any element of the ring is at the distance

(r* + a® — 2ar cos6)/?

from O, so that the force function of the ring at O is
k?p2xa®da sin 8d8(r* + a® — 2ar cos6) ~V2,

and the total force function due to the shell is

U= k2p21ra2daj; sin 8do(r? 4 a® — 2ar cos ) ~2

b

where the square root must always be positive. This can be inte-
grated at once to give

x

U= 1 k:dm |:L(r2 + a% — 2ar coso)”z}
2 ra

=0

= k%dm/r,

where dm = 4za’pda is the mass of the shell. This means that, so
far as O is concerned, the shell could just as well have all its mass
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concentrated at C. This must also apply to a shell of finite thickness,
since the result is not affected by integration over a, and it applies
in particular to any solid body that is constructed in concentric
spherical shells, provided we are outside it.

If, therefore, we have a system of n bodies, each having spherical
symmetry, then they can be considered as particles generating a
force function (1.1.2), provided they do not approach too close to
each other. The mass of each body is considered to be concentrated
at its center of gravity, and the coordinates of a body are the coordi-
nates of its center of gravity.

Fortunately, in most problems of celestial mechanics the bodies
can be assumed to be spheres. In the first place they are, in fact,
nearly spherical, and in the second place the distances between the
bodies are usually large compared with the dimensions of the bodies
themselves. In the case of the motion of an artificial satellite the
latter condition does not hold, and the oblateness of the Earth
actually causes major perturbations in the motion.

Outside a gravitating body the force function must satisfy La-
place’s equation,

ViU =d*U/3x*+ 9*U/dy* + 6* U/32* = 0.

(This can be proved by differentiating equation (1.1.2); the summa-
tion is replaced by an integration.) It transpires that the force
function of the body can normally be expanded in a power series
in 1/r, where r is the distance from its center of mass; the coeffici-
ents are called sperical harmonics. If, as is often the case, the body
has symmetry about an axis, the force function can be expressed as

ME?
r

(1.1.3) @—%&E—%%&—~),
r r

where the P; are Legendre polynomials (functions of the latitude)
and the J; are constants; if the body is nearly spherical, the latter
become small quite rapidly. Now it would be possible to find the
force function of such a body by integration, if we knew precisely
how it was put together. Failing this knowledge, it is still possible
to write down its force function directly, so far as all the variable
quantities are concerned. The theory of the motion of an artificial
satellite, without drag, can be constructed using the force function
(1.1.3). Then, later, observations may furnish the values of the J..
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A lack of knowledge about the insides of a body is therefore no great
hardship when its force function is required. (For more details, see
[2, Chapter 4].)

1.2. Newton’s Laws of Motion. We are concerned with Newtonian
mechanics, the basic assumptions of which are contained in New-
ton’s laws of motion. These are:

(1) Every particle continues in a state of rest or uniform motion
in a straight line unless it is compelled by some external force to
change that state.

(2) The rate of change of the linear momentum of a particle is
proportional to the force applied to the particle and takes place
in the same direction as that force.

(3) The mutual actions of any two bodies are always equal and
oppositely directed.

A man who observes the motion of surrounding bodies that are
not acted on by forces, and notes that they are not accelerated is
entitled to feel that, for practical purposes, he is at rest with respect
to some inertial system of reference. But if these bodies have any
accelerations, then he is not (although he may invent forces such as
centrifugal or Coriolis forces, to preserve the illusion). Certainly,
no point fixed on the surface of the Earth could be the origin of an
inertial system, although some sufficiently parochial experiments
might give that impression. Motion observed in an ideal case by a
nonrotating man at the center of the Earth would still show acceler-
ation because of the action of the Sun, Moon, etc., on the Earth.
Similarly, motion observed from the center of mass of the solar
system should be affected by nearby stars, and the field of the
galaxy (to say nothing about nearby galaxies): this is true in prin-
ciple; but there is no known experiment to detect such effects, so
that no purpose is served by considering acceleration with respect to
the center of the galazy, and so on. So we shall not worry about
the practical difficulties of choosing an inertial reference system, and
we are certainly not concerned here with the thornier difficulties as
to whether such a system can exist at all. We adopt the attitude
that, given any problem in Newtonian mechanics, there exists an
inertial system with respect to which the equations of motion can
be written down; but no special assumption must be made about
the whereabouts of the origin. Once the equations of motion have
been set up, algebra will enable the origin to be transferred to this
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place or that. Also, inspection of some terms in the equations may
result in their being rejected on account of their smallness. But the
original equations must be written down without any assumptions
being made about the origin, or the relative importance of different
terms.

The measurement of ‘“‘uniform motion” requires the use of a
“uyniformly flowing” time. The use of Universal Time (which is based
on the rotation of the Earth) threw up accelerations of the Moon and
planets that could not be explained by Newtonian mechanics, but
which could result from nonuniform flowing of Universal Time.
A suitable time has therefore been invented; this is Ephemeris Time.
Its relation with Universal Time is given in the almanacs.

The second law can be applied only to motion observed with
respect to an inertial reference system. If a particle of mass m is
at r and the resultant of the forces acting on the particle is F, then

d dr

(1.2.1) F = J<m E) .

Two important formulas follow from this. Firstly,
d dr

(1.2.2) rXF—a—t<era—t>,

or “the moment of the external forces is equal to the rate of change
of the angular momentum”. Then, if F is the gradient of a force
function U that does not contain the time explicitly, and if m is
constant,

g
(1.2.3) %(%) — U = constant.

(For, differentiating (1.2.3) with respect to the time, we have the
scalar product of dr/dt and (1.2.1).) This is the energy integral.

The third law is obeyed by Newton’s law of gravitation, and is
needed in a derivation of this law from Kepler’s laws of planetary
motion (quoted in §2.4).

Newton’s laws apply directly to the motion of particles. If a
body of finite extent is acted on by a system of forces, then the
motion of its center of mass can be found by shifting the forces
parallel to themselves so that their lines of action pass through the
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center of mass. The motion about the center of mass is considered,
basically, through equation (1.2.2); subjects such as precession or
physical libration fall under this heading; but they will not be con-
sidered here.

1.3. Equations of Motion. Consider the motion of n particles with
fixed masses m;, my, - -+, m,, which have position vectors p;, p,, - - -,
pn, with respect to an inertial reference system. The equation of mo-
tion of m; is

P Pi — Pj
(1.3.1) m,-p," = — k2m,~. Z m,« ],

J=1;j=i Pij

where p;; = |p;— p;|. A prime stands for differentiation with respect
to the time. Adding the equations for all the particles, the forces
cancel (from the algebra, or from Newton’s third law) leaving

(1.3.2) 3 miel = 0.
i=1

But D mp; is proportional to the position vector of the center of
mass of the system, and (1.3.2) says that this not accelerated with
respect to the original inertial system; therefore the center of mass
could be the crigin of an inertial reference system.

Multiply (1.3.1) vectorially by r; X, and add all n equations. The
right-hand sides again cancel, leaving

n n
(1.3.3) >mi Xt/ =0, or > mrXr =h
i=1 i=1
where h is a constant vector. The plane through the center of mass
of the system and perpendicular to h is constant throughout the
motion, and is called the “invariable plane” of the system.
The equations (1.3.1) can be written in the form

(1.3.4) mp! =V, U,

where, if p; has components (&,7; ¢:), V; has components 9/d¢,
d/dn, d/3%;, and where

(1.3.5) U=k 3 M

i<j=1  Pij

We therefore have the energy integral for the whole system,
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(1.3.6) —Z m;p!2 — U = constant.

But no integral can be written down for an individual member of the
system.

Suppose that one mass, m,, is considered to be dominant, either
because of its relatively great magnitude, or because the motion in
which we are interested takes place very close to it. Subtracting the
equation of motion of m, from that of m; (after dividing by m, and
m;, respectively) we find

n
: b L]
ol —pl = — kD m, + k? E m]

J=Lij#i Pu j=1 Pn}

pi—p Prn — Pi
=—k2m,, 1 . n+k2mi n3 L

Pin Pni

n-1
2 Pi — Pj Pn — Pj
—k Z Mjl: 3 — 3 ]

J=1j#i Pij Pnj

Now let the position vector of m; with respect to m, be r;, so that
I; = p; — p». Then

. n,,l Japp— . .
(1.3.7) v/ + k*(m,+ m) :—3 =k 2 m I:r’ o r—’d]

J=1lij= T T
Further, if
L 'f"f]
(1.3.8) Ry=Fk [r,-,- = |
then
. n-1
(139) l','” + k?‘(m,, + m,-) r_,3 = Z m; V;Rij.

T =i

Now if all the masses except m, and m; were zero, the right-hand
sides of (1.3.7) or (1.3.9) would vanish, and the equations of motion
would refer to the two-body problem; the solution of this is called
Keplerian motion, and is described in the following chapter. It is
frequently possible in celestial mechanics to find a dominant body,
m,, such that the terms on the right-hand side of (1.3.9) are much
smaller than k%(m, + m;)r,/ri. In this case the motion can be con-
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sidered as Keplerian motion ““perturbed”” by the forces on the right-
hand side. This is why Keplerian motion is so important in celestial
mechanics. The word “perturbation” normally implies a departure
from Keplerian motion; the forces on the right-hand side of (1.3.9)
are “perturbing forces” and the R; are “perturbative functions”.

The reference system in (1.3.9) is noninertial. The terms on the
right-hand side include the ‘““direct” attractions of the bodies on m;,
and the ‘“indirect” attractions on m,, the origin. In a practical
application many of these terms might be found to be negligible;
but it can happen that the direct attraction of a body is negligible,
but the indirect attraction is not. Further modifications can be
made by adjusting the origin, and the mass of the dominant body;
for details, see [2, §9.5].

2. The two-body problem.

2.1. Properties of Conics. Any orbit in the two-body problem is
a conic, and before discussing the solution we shall briefly review
the relevant properties of conics.

The polar equation of a conic can be written as

(2.1.1) p/r=1+ ecosf,

where the origin is at a focus of the conic, and f is the polar angle,
measured from the major axis. [ Equation (2.1.1) follows from the
“focus-directrix” definition of a conic; i.e., that it is the locus of a
point such that the ratio of its distance from a fixed point (a focus)

B

Al A
s ¢ S

Bl

F1GURE 2. Features of an Ellipse
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to its distance from a fixed line (a directrix) is constant, the value
of the constant being equal to e.] e is the eccentricity; if e = 0 the
conic is a circle; if e is less than one, it is an ellipse, which is bounded;
if e=1 it is a parabola; if e is greater than one it is a hyperbola.

Let an ellipse have center C, foci S, S’, major axis AA’, and minor
axis BB’, as shown in Figure 2. The following relations are useful,
and should be memorized:

CA=CA’" =a,
CB=CB =b,
SA=qg=a(l —e¢e),
SA’=q¢" =a(l+e),

CS = CS’ = ae,
p=a(l—eé?,
b? = a¥(1 — %),

SB = a.

The ellipse can be obtained by the vertical projection of a circle.
Let @ be a point on the circumference of the circle, and P the corre-
sponding point on the ellipse, and let QP cut the major axis at R.
Then PR/QR = b/a. Further, let » ACQ = E (the ‘“eccentric anom-

F1GURE 3. Orbital Reference System
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aly”’). With origin at S, let the X-axis point along SA, and the Y-axis
point along the latus rectum, as shown in Figure 3. This reference
system will be called the “orbital reference system”. Then the co-
ordinates of P can be written:

(2.1.2) X = a(cosE — e) = r cosf, Y =>bsinE = rsinf.
The area of the ellipse is rab. We also have
(2.1.3) r=v(X*+ Y% =a(l — ecosE).

Formulas for the parabola can be obtained from those for the
ellipse by (carefully) letting a — « and e— 1. It is safest first to
eliminate a or e using ¢ = a(1 — €), since ¢ remains finite. Suitable
modifications to cover hyperbolic motion will be given in §2.4.

2.2. The Solution of the Orbit. Consider two particles of mass m;
and m,. Let the position vector of m, with respect to m, be r. From
(1.3.7) we see that the equation of motion of m, is

2.2.1) t” + kX(m, + my)r/r® = 0.

If the origin were at the center of mass of the two bodies, the
reference system (nonrotating) would be inertial. Then if the masses
were at r; and r,, the equation of motion of m, would be

myty = — k*m,myr/r?

or, since ry = [m,/(m, + my)]r,

(2.2.2) rf = — B¥[m{/(m,+ my)?]ry/r.
Equations (2.2.1) and (2.2.2) are of the form
(2.2.3) r = — ur/r?

but with different values of p.
Equation (2.2.3) requires six constants of integration for its solu-
tion. Taking r X (2.2.3), we find r X r” = 0, so that

(2.2.4) r X 1 = h, a constant.

h supplies three arbitrary constants. From (2.24), r- h=0, which
is the equation of a plane through the origin. The motion must take
place in this plane; h determines its orientation, as well as the magni-
tude of the angular momentum. Now take h X (2.2.3), and use
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(2.2.4). We find

hxr =—-5@xr)xr
r

[r2r — (r-1)r]

I
*u =

= — %[rzr’ — (rr')r]

= — [ /r—rrr?]

d
= —#(—i?(l'/r)

= — udf/dt.

[r’ is the velocity vector; r’ is the rate of change of the scalar r.
Differentiating r> = r? we find r- ' = rr’; a useful relation.| Inte-
grating, we obtain

(2.2.4) hXxr = —pf—P,

where P is an arbitrary vector; but since it is perpendicular to h, it
only contains two arbitrary constants. The remaining constant of
the motion will be considered in the following section. Taking
r-(2.2.4) we obtain

r-thXrv)=—ur—P.r
or
—h- e Xt)=—ur—P-r
or
KR=ur+P.r
or
h*/u

—— =1+ (P/p - F
r

This is the same as equation (2.1.1). We have h?/u = p, the vector
P points along the major axis toward pericentron, and P = ue. The
angle f is called the “true anomaly”. If e is greater than one, only
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the branch of the hyperbola that is concave toward the origin can
be described in the motion.

2.3. The Orbit in Time. The vector r’ has components r’ along 7
and rf’ perpendicular to it; therefore the modulus of r X v’ is r2f’,
which is twice the rate of change of the area swept out by the radius
vector. From (2.2.4) we have

(2.3.1) r’(df/dt) = h.

The integration of this equation supplies the final constant of inte-
gration. Substituting for r from (2.1.1) we get a simple integral;
but except when e = 1, it is convenient to introduce an intermediate
angle, the eccentric anomaly.

Assume the motion to be elliptic. Differentiating (2.1.3) we find

r'=aesinEE’.
And differentiating r cosf = a(cos E — €) (from (2.1.2)),
r'cosf—rsinff = —asinEE'.
Eliminating r* and f’ from these two equations and (2.3.1) we find
hsinf=asin EE’(1 + ecosf)r.
Now using the relation
h* = up = wa(l — €%,
and the formulas (2.1.2) and (2.1.3) to eliminate f and r, we find
V(u/a®) = (1 — ecosE)E’,
which can be integrated to give
vV (u/a®)(t — T) = E — esinE,

where T is a constant of integration; it is equal to the time when
E = 0, or when the body is at pericentron. This is Kepler’s equation.

By letting the eccentric anomaly go from 0 to 27, we get the time
for a complete revolution, or the period of the motion, which is

(2.3.2) P =2z (a*/u).
The “‘mean motion”, n, is defined by

(2.3.3) n=2x/P,
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so that n?a® = u. The angle

(2.3.4) M=nt-T)

is defined as the “mean anamaly”. So Kepler's equation can be
written as

(2.3.5) M=E —esinkE.

Normally we are given the time, and want to calculate E. That
there is a unique solution can be seen from the fact that the right-
hand side of (2.3.5) is monotonic increasing with E (for its differen-
tial coefficient with respect to E is (1 — e cosE), which is always
positive). One of the best ways to find E is to use Newton’s Method.
If E, is a good guess, and E is correct, let

AE=FE-E,
and
AM=M-My=M— E;+ esink,.
Then if (AE)? is neglected,
AE = AM/(1 — ecos Ey).

Because of the approximation, this correction is not exact, and the
process will have to be repeated until AM becomes less than some
small pre-assigned value. This process converges best when e is
small, when a good first guess is

E()_—‘ M+eSinM,

(although the series for E in terms of M and powers of e, given in
the following chapter, can be truncated further along if desired). For
more details, and for a discussion of the situation when e is nearly
equal to one, see [3].

2.4. Miscellaneous Properties. Kepler's three laws of planetary
motion are:

(1) The orbit of each planet is an ellipse, with the Sun at one of its
foci. (Actually “Keplerian motion” is often now taken to include
parabolic and hyperbolic moticin, so that “conic”’ might replace
“ellipse’’.)

(2) Each planet revolves so that the line joining it to the Sun
sweeps out equal areas in equal intervals of time. (Therefore the
acceleration of the planet is directed toward the Sun, and so also is
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the force acting on the planet. From this law, and the first, Newton’s
law of gravitation can be deduced.)

(3) The squares of the periods of any two planets are in the same
proportion as the cubes of their mean distances from the Sun.
(This law should be modified so that P*(m, + m,)/a® is a constant
for any two bodies, where a is the semimajor axis of the relative
orbit, P is the period and m; and m, are the masses of the bodies.
The law can be used to find the mass of a planet that has a satellite.)

Many important formulas for elliptic motion have been given
already. A notable omission is the energy integral,

(2.4.1) r?=u(2/r - 1/a).

The parabolic velocity, or velocity of escape is found by putting
1/a = 0. The circular velocity is found by putting r = a.

When changing from E to f or f to E, the following formulas are
useful:

cosf= (cosE —e)/(1 —ecosE),
sinf= /(1 — e?)sinE/(1 — e cos E),
cosE = (e 4+ cosf) /(1 + e cosf),

sinE = /(1 — e%)sinf/(1 + e cos f).

Using the relation tan®(f/2) = (1 — cosf}/(1 + cosf), it is easy to
verify that

(2.4.2)

(2.4.3) tan (f/2) = \/ G—J_LD tan(E/2).

When using these formulas, it should be remembered that f/2 and
E/2 always lie in the same quadrant. If we write

e=sing (0 < ¢ <n/2),

as is commonly done, then

tan(f/2) = tan(x/4 + ¢/2)tan(E/2).
From Kepler’s equation, and (2.1.3) we have
(2.4.4) E' =nayr.

Also we have
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(2.4.5) r’ = na’esin E/r = (eu/h)sinf.

Formulas (2.1.2) are important. Differentiating them, we find

(2.4.6) X' = —na’sinE/r, Y’ = na®vV/ (1 — e’ cosE/r.

In parabolic motion let ¢ be the pericentron distance, then the
equation of the orbit is

r = gsec’(f/2).
An equation involving the time is

L tan'(f/2) + tan(f/2) = V/(u/24")(¢ = D).

Formulas for hyperbolic motion can be derived from those for
elliptic motion as follows. Assume a to be negative for a hyperbola.
If i*= — 1, replace E by iF (so that cos E becomes cosh F and
sin E becomes i sinh F), replace n by — i», where va®= — u, and
v is positive, and replace V(1 —€%) by iv(e*—1).

Many important formulas have been omitted here. The reader
should consult, in particular, [3].

2.5. The Orbit in Space. An orbit is defined by six constants, and
these require some kind of reference system. The celestial equator
or ecliptic are often used as reference planes, with the direction of
the vernal equinox defining an axis. Neither of these planes is fixed,
and it is necessary to use their mean positions for some definite
epoch.

A suitable set of constants would be the components of position
and velocity, r, 1§, at some time fy; it is possible to calculate from
these the position r at any time ¢ (formulas for the calculation of the
velocity are easily deduced and will not be given here). Since the
motion takes place in a plane, it must be possible to resolve r along
the directions of ry, and r;. So we can write

(2.5.1) r = fro+ grg,

where f and g are scalar functions of ¢, and ¢ and the initial condi-
tions. From (2.5.1) we find

fAh=rXr, and gh=rXr.

These are vector equations, independent of the reference system.
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So f and g can be evaluated by substituting components referred to
the “‘orbital reference system’ defined in §2.1. The components are
given by formulas (2.1.2) and (2.4.6). After substitution and some
simplification, we find

f= a—[cos(E — Ey) — ecosEy],
(2.5.2) r

g= %L[sin(E — Ey) —e(sinE — sinEy) ).

Before using (2.5.1) and (2.5.2) to calculate r, it would be neces-
sary to calculate a, e, E;,, and E. We are given r, and rj. (2.4.1)
will give a. Then (2.1.3) and (2.4.5) will give e cos E; and e sin E,,
from which e and E, can be found. (In using (2.4.5), remember that
rory =1y - 13.) Finally, Kepler's equation can be used to find E.

In the formulas above a, e, and E; are introduced as intermediate
elements; but they help to give a picture of the shape and size of
the orbit, and the initial whereabouts in the orbit, that r, and r§ com-

z /N

Ecliptic

FIGURE 4. Geometrical Elements.
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pletely fail to do. It is more usual to use six constants, each of which
has an easily visualized geometrical meaning; these are the “‘geome-
trical elements’”’ of the orbit. ¢ and e are two possible elements,
and a third is a time of pericentron passage, T, or any number, such
as the mean anomaly at some time, that enables the position in the
ellipse to be found at any time. The description of the orientation
of the orbit in space requires three angles, illustrated in Figure 4.
In the figure the fundamental plane is the ecliptic (it could equally
well be the celestial equator, if preferred), the Sun is at O, Ox points
toward the vernal equinox and Oz toward the north pole of the
ecliptic. The plane of the orbit cuts the celestial sphere in the great
circle NPR where N is the point where the body in its orbit crosses
the ecliptic, going north; it is called the “ascending node”’. The angle
xON (measured eastward around the ecliptic) is called the “longi-
tude of the ascending node” and is written as Q. The angle between
the ecliptic and the plane of the orbit is the “inclination”, I. For
0 < I < 90° the orbit is direct; for 90° < I < 180°, it is retrograde.
If OP points toward pericentron, the angle NOP = o (measured in
the sense in which the orbit is described) is called the “argument of
pericentron”.

These six constants are sufficient to give a geometrical picture of
the orbit, and to enable position (and velocity) in the orbit to be
calculated at any time. Among the alternatives often used is @ = @
+ , called the “longitude of pericentron”. (The word “pericentron”
would be replaced by “perihelion”, or “perigee”, etc. as appropriate.)

To find the position at any time when the elements are given,
first solve Kepler's equation for the appropriate value of the ec-
centric anomaly, and then use equations (2.1.2) to find the coordi-
nates in the orbital reference system. The coordinates in this system
can be related to the coordinates in any other system by a series of
rotations. The following successive rotations: — w about the Z-axis,
— I about the new x-axis, and — © about the new z-axis, will trans-
form coordinates in the orbital reference system to those in the
x-, y-, z-system of the figure. A further rotation about the x-axis
through — ¢ (where ¢ is the obliquity of the ecliptic) will lead to
coordinates based on the celestial equator; these are necessary if
right ascension and declination are to be calculated. The transforma-
tion resulting from a rotation about an axis of reference can be most
conveniently described by a matrix multiplication. For details, see
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[2, Appendix B]. The result of all the rotations described above can
be written in the form

x P, Q. [X]
(2.5.3) yij= Py Qy Y H
z P, Q.

where the P’s and @’s are direction cosines of the X- and Y-axes with
respect to the x-, y-, z-axes.

Suppose that it is required to find the geometrical elements when
position and velocity, r,, 15, are given for a time ¢, a is found from
(2.4.1) and e and E, from (2.1.3) and (2.4.5), as before. Then T, or
M,, the mean anomaly at the epoch, can be found from Kepler’s
equation. The individual angles 2, w, and I might now be found from
the formulas:

h=ry,Xr}

= (hy, by, ha),
h,=hsinQsinl,
hy= —hcosQsinl,
h,=hcosl.
f from (2.4.3),

(2.5.4)

. z
sinu = = cosecl,
r

rcosu =xcosQ+ ysing,

(u is the “‘argument of the latitude’)

w=U— f9
where an extra 360° may have to be added to make w lie between 0
and 360°.

Alternatively, it may be better to find the P’s and §'s of (2.5.3)
directly. (2.5.3) can be written more generally as

Xo X4 P, Q.

0 0 . X, X6.|
Yo | =|P

’ ’ ? 7 YO Y6 1
2o 26 P z Qz

where X, = a(cos E, — e), etc. from (2.1.2) and (2.4.6). Then, solving
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for the P’s and Q’s, we find (since X, Y§ — Yo X(¢ = h),

Px Qx 4
R Yirh - Xirh
(2.5.5) P, Q| =% ¥
N D e Yok Xok )
Pz Qz 20 26
The individual angles Q, », and I can also be determined from the
P’s and @’s.

For an account of the determination of the elements when two
positions for two different times are given, see [3].

In certain cases some element can only be poorly determined.
For instance, if e is small, E; and w or w cannot be found as accurate-
ly as the other elements because, somewhere along the line, their
calculation involves division by e. Similarly, if I is small, @ is poorly
determined. It is possible to put too much emphasis on the difficul-
ties that result. w or © should not be considered as goals in them-
selves. Suppose that the object of the work is to calculate position
and velocity at any time; then it need not matter that for small e
an angle such as w is poorly determined (in fact there will be a multi-
plication by e during the calculation), and the accuracy of the final
result need not suffer at all. Difficulties due to a small I can be
avoided by using the P’s and @’s. If a programmer is determined
to avoid any division by e, there are several ways in which this can
be achieved. One possibility is to use ecos E, and esin E, as ele-
ments; there need be no doubt about their accuracy. Let E be the
eccentric anomaly at time ¢, then from Kepler’s equation applied to
the times ¢, and ¢, we find

n(it—t)=E— E,—esinE 4+ esinkE,
(2.5.6) = AE — ecos E;sin AE — e sin E, cos AE + e sin E,,
where AE = E — E,. This can be solved for AE, and then e sinE
and e cos E can be calculated, and (2.5.2) and (2.5.1) used to find
the position at time ¢.
If the elements are to be considered as slowly varying quantities
in perturbed motion, other problems may arise, and different ele-
ments are needed for special cases.

3. Expansions in series.
3.1. Expansions in Powers of the Eccentricity. The stumbling block
in any attempt to express position in Keplerian motion explicitly
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in terms of the time comes in any attempt to express the eccen-
tric anomaly explicitly as a function of the mean anomaly. In general
it cannot be done in a finite number of terms. But if the eccentricity
is sufficiently small, approximate expressions can be developed that
are good enough. Fortunately, nearly all the planets and satellites
in the solar system have orbits with moderately small eccentricities.

For a circular orbit, E = M. If e is small, then, writing Kepler’s
equation in the form

E=M—e¢esinkE,
we see that to the order of e, we can put
=M+ esin M.
Now if we put E, = E, + 6E;, and ignore ¢®, we find

E,=M+esinM+ %ezsin2M.

Further development along these lines becomes immensely tedi-
ous, and it would be an advantage if some formula could be found
that would give the general term. Such a formula is given by La-
grange’s theorem, which can be stated for the problem in hand as
follows: Let

E =M 4 ¢f(E),
then
F(E) = F(M) + —f(M)F’(M)+ or d(Ji\l [f(M)PF' (M)} +

+ Z—:dfl% {LAM ) F (M)} +

Now put F(E) = E, so that F/(E) =dF/dE =1; and put f(E)
= sin E. Then we get

e a 2
E=M4 — smM—}—2' dM (sin*M) + -

(3.1.1)

n n—1

e
n! dM™ 7

Any other F(E), suchasr = F(E) = a(1 — e cos E), can be expanded
similarly.

+ = (sin™' M) + -
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The general statement of Lagrange’s theorem would be useful,
because it includes the condition for convergence of the series (and
it is not often that a question of the convergence of a series in celes-
tial mechanics can be answered). Limitation of space prevents a dis-
cussion here, but see [4, §46]. The upshot is that series in powers
of the eccentricity converge for values of e less than 0.6627---.

3.2. Applications of Lagrange’s Theorem. An unattractive feature
of (3.1.1) is that powers of trigonometric functions appear. It is
usually simpler to deal with terms such as sin kM rather than sin M,
so that Fourier series are generally preferable to power series. Also,
it is laborious to change from one to the other, so that it is an
advantage if a Fourier series can be generated in the first place.
One way of doing this is to use the exponential function. For

E*M = coskM + isinkM,

where E is the exponential and i* = — 1, so that what is generated
as a power series in E™ becomes a Fourier series.

Consider (2.4.3). It is usual in these developments to get rid of
the square root, so we introduce

1+8 _ (1 + e)
(3.2.1) —l—ﬁ = \/ e
so that
(3.2.2) % 1+ 8Y.

Also, introducing sin¢g =e, we have g = tan j¢. (3.2.2) could
equally well have been written as

8= M+ (%e) (1489, M=0.

Then 8’ can be expanded in powers of le by Lagrange’s theorem
to give

o= E[ /oSt s

=i% [ G/ Wawe B e




ELLIPTIC MOTION 23

For a term to survive the operation M = 0 after the differentiation,
we must have 2p +j — 1 =g — 1. Then for a definite value of p,
g = 2p + j; so we can write

. S 1\ 2p+j— 1)
J Z = J 7
B ’pgo(z") G+ P!

- (%e)j [1+(%e)2 j+<%e>4 j(j;!r?’) +]

We are now in a position to consider expansions in powers of 5.
For the applications, put

(3.2.3)

(3.2.4) if = logx, iE =logy, IM = logz,
where i’ = — 1, and the logs are to the base E, so that x = E¥, etc.
Then

x* 4+ 1/x* = 2 cos kf, x* — 1/x* = 2i sin kf, etc.
From (2.4.3) and (3.2.1) we have

x—1 148y—1
x+1 1—-gy+1’

SO

_Y—8 _x+8
3.2.5) x = 1—av 8y’ or y 15 px
Then from the first of these,
logx = logy + log(1 — 8/y) — log(1 — 8y),

and, bearing in mind that for |z| <1, log(l+2) =z—2%/2
+2*/3+ .-, we can write this as

1
logx =logy +8(y — 1/9) + 5680~ 1/¥) + .-,
so that, from (3.2.4) we have (after division by i)

(3.26) f= E+ 2<ﬂsinE+ %ﬁzsin2E+ §ﬂ3sin3E + ) .

From (3.2.5) we see that to exchange x and y it is sufficient to
change the sign of 8. Therefore

(327 E=f-— 2<ﬂsinf—%ﬁzsin2f+ %ﬂasin3f+ ) .
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Substituting from (3.2.4) into Kepler’s equation, we have
logz = logy — —;—e(y —1/y).

Eliminating y, from (3.2.5), and using (3.2.2) to eliminate e, we can
transform this to

g 1-pE=1
1+ 8 (x+81+8%)

Now (1 — 8%)/(1 4+ 82 = /(1 — %) = cos¢, so that the final term
on the right-hand side can be written as

— Bcose|x/(1+Bx) — (1/%)/(1+ 8/%)]

logz = log x + log(1 + 8/x) — log(1 + %) —

=Bcos¢[§(1 —B/x+ 84" — o) — x(1 — px+ B2 — )]

Therefore, expanding the logarithms as before, and substituting from
(3.2.4), we get

M=f—2<65inf— %B2sin2f+ )

+28cos¢ ( — sinf+ Bsin2f — -++)
(3.2.8)

= f— 2[/3(1+cos¢) sinf — 8% <%+cos¢) sin 2f
3 (1 .
+8 <§ +cos¢> sin 3f + ]

The difference between the mean and true anomalies is called the
‘“equation of the center”.

3.3. Fourier Series. The derivation of the series in the preceding
section was a trifle roundabout. Before proceeding with the direct
derivation of Fourier series we shall briefly state enough theorems
to build up the relevant background.

Let f(¢) be a periodic function with bounded variation and period
27; let it be integrable for all ¢, so that the products f(t) sinpt,
f(t) cospt are also integrable. Define

1 . ix
ay = gﬂ f(t)dt,
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and
1 2% 1 2x
a, = — f f(t) cosptdt, b, =— f f() sin ptdt.
T JO T Jo
The series
(3.3.1) as+ 2. (a, cospt + b, sin pt)
p=1

is called the Fourier series of f(¢). If f(f) is continuous, its sum is
equal to f(t). Furthermore, if its derivative is bounded, then the
Fourier series is uniformly convergent.

If the form (3.3.1) is accepted, then the formula for the coefficients
is very easily recovered by multiplying through by cospt or sinpt
and integrating from 0 to 2, so that every term but one vanishes.
If f(¢) is an even function, then only the a, appear, and it is sufficient
to integrate from 0 to =, and divide by =/2. Similarly, if f(¢) is an
odd function, only the b, appear.

Using the exponential function, we could also put

+ o

(3.3.2) fit)y = > a,E™,

p=-—=

where

2%
_ 1 —ipt
ap = zwﬁ E~"f(1) dt.

(Note that as soon as trigonometric functions are replaced by ex-
ponential functions, the summations must go from minus infinity to
plus infinity.)

Consider the expansion of the function a/r as a Fourier series in
the mean anomaly. It is an even function of E, and consequently of
M. Also a/r = dE/dM. Therefore

x 2 ® x
?_ lf 2aM + 23 cospM | 2 cospMdM
r TJor L o r

p=1

! f dE + gz cospM | cos(pE — pesin E)dE.
T JO T poi 0
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Define the “Bessel’s coefficient” ,(x), of order p and argument x
by
(3.3.3) Jp(x) = 1 ﬁ cos(pé —  sin ¢)do.

Then we can write

(3.3.49)

RIS

=142 J,(pe) cospM.
p=1

These coefficients are ubiquitous, and it is'necessary to break off
and derive some of their properties before continuing to develop any
other series.

3.4. Properties of Bessel’s Functions. J,(x) was defined in (3.3.3).
But since

2x
1
o J; sin(p¢ — x sing)d¢ = 0,
m

we could have written

2x
(3.4.1) Jp(x) = §1—f E—iPOEixsinwdd).
x* Jo

Now suppose that we wanted to expand the function E&sin¢ ag

+ @
ixsing __ ipe
Ene = 3 o, EP.

p=-

Then, from (3.3.2) we would find that a, = J,, so that

(3.4.2) E¥e = 3" J(x) E®?,
p= —m
a formula that can be useful, incidentally, where trigonometric func-
tions of trigonometric functions are concerned.
Now put E* = z, so that 2i sing = z — 1/z. Then (3.4.2) becomes

x =
(3.4.3) exp I:§ (z — 1/z):| = Y Jy(x)2".

p=-=
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The left-hand side of (3.4.3) can be written as the product of

@© 1 a © 8
> <§ x> Z/a! and Y (- 1)"(% x> z27°/B!.
a=0 8=0

To find the coefficient of 2” put a = 8+ p. Now « cannot be negative,
so that for p = 0,

- 1 1 p+28
3.4.4 - — V=l
( ) Jp(x) g) (=1 8'(8 + p)! <2 x) )

For p <0, the summation runs from g§= —p, —p+1,..--. The
series (3.4.4) is absolutely convergent for all x.

In (3.4.3) change z to — 2, and x to — x; the left-hand side is the
same, so that

Jp(x) = (= DPJ( — x).

Also, change z to — 1/z. The left-hand side is still the same, so
that

Jp(x) = (= 1)°J_p(x).
Combining these two results, we find
(3.4.5) J_,(— x) = J(x).
Differentiating (3.4.3) with respect to z, and using (3.4.3) to re-

move the exponential on the left-hand side, we get

SHH D) Y D= 3 pl@e

P=— p=—o

So that from the coeflicients of 2°~}, we find

(346) [prl(x) + Jp+l(x)] = pJp(x)

1
2

Similarly, differentiating (3.4.3) with respect to x, and considering
the coeflicients of 2, we can find

(3.4.7) g¢4n—¢mm=#m.

Differentiating (3.4.7) with respect to x, we have
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1
Iy (@) = 5[Jpn1(®) — ()]
= s = 20,00 + Jyp )] (from (3.4.7))
1

= [ 20000 - 0 20,0+

+ % (p + 1)y () — Jp(x)] (from (3.4.6))

— —d @+ = [0 = DIya(®) + (P + Dpr(0)]
2x

2
- J@+ 5o - % J(x) (from (3.4.7)).
So J, is a solution of the equation
1
y'+ ¥ + 0 -pYay=0.

The general theory of Bessel’s functions can start from this equa-
tion; but this is not needed for our purpose. We need only the
solutions of the first kind, with integral values of p, and the defini-
tion given above is sufficient.

The series (3.4.4) demonstrates that the J, can always be calcu-
lated. But there are many alternative methods of calculation, using
such devices as recurrence relations, or continued fractions. See [1].

3.5. Applications of Bessel’s Functions. Consider the expansion of
sinmkE. It is an odd function of E or M, so that

2L )
sinmE = = > sinpM J; sinmE sinpM dM.
T pl1

Now sinpM dM = — (1/p)d(cos pM), so that, introducing E, we can
write
sinmE = — 2y sinpM J; sinmE d[cos(pE — pesinE)],

Tp=1 p

and, integrating by parts,
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x

9 = g
sinmE = — =Y sm;)M {[sinmE cos(pE — pe sinE):I

T p=1 0

— j; m cosmE cos(pE — pesin E) dE} .

The integrated term vanishes at the limits; using the formula for
the product of two cosines, the integrand can be developed to give

M
sinmE = - Z sinp {cos [(p +m)E — pesinE]
p=1
+ cos[(p — m)E — pe sinE]} dE
sinpM
Z p { o n(pE) + J, 1 n(pe) }.

When m = 1, we have, by (3.4.6),

(3.5.1) snE=2% Sm: M J,(pe).

e,

Similarly, we find

2 ®© L
cosmE =ay,+ =3 cospM j; cosmE cospM dM
Tl

2 )
+ 23 cospM J; gsin mE sin(pE — pe sin E) dE
Too1

(after integration by parts)

= Z cospM {Jp—m(pe) bl Jp+m(pe) }

Here

1 (" 1 (
ay = —L cosmE dM = —j; cosmE (1 — ecosE) dE

™ s

1 (7 1
= ;J; [cosmE— §ecos(m+1)E— %ecos(m—l)E:, dE

=1ifm=0; —e/2ifm=1;0ifm > 1.
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In particular, using (3.4.7),

(3.5.2) cosE = — % e+2Y %’M J;(pe).

We now have enough formulas to expand quite a lot of functions
as Fourier series in the mean anomaly. For instance, Kepler's equa-
tion combined with (3.5.1) will cope with E. r/a can be expanded
using (2.1.3) and (3.5.2). X and Y of (2.1.2) can be found similarly.
Sometimes a little ingenuity can help; in seeing, for instance, that
X/rP=—a?d*X/dM?, Y/r'= —a *d?*Y/dM® Another example
is

sinf= /(1 —e})sinE/(1 — ecosE) = cot¢ (%4(%) ;

cosf is easily found from (2.1.1) and (3.3.4). A function such as (r/a)*
can be easily written down in terms of a Fourier series in E, and
from there to one in M. And so on. Many more examples are given
in [1] and [4].

It should be noted that these Fourier series are valid for any value
of the eccentricity; but if they are re-arranged as power series in the
eccentricity, then the upper limit noted in §3.1 applies.

In the series for a/r or r/a or powers of these, it is noticeable that
the lowest power of e in any coefficient is equal to the multiple of M
in that term; this fact is a great help when deciding where to trun-
cate a series. Although the equality just pointed out is not general,
the fact that the lowest order of e increases as the coefficient of M is;
this is a characteristic of these expansions stressed by D’Alembert,
which now bears his name. In the expansion of (a/r) ** times the
sine or cosine of m times the eccentric or true anomaly, the lowest
power of e is in general equal to the coefficient of M minus m.

3.6. Postscript. The reader should be warned that the above notes
are extremely incomplete. No mention has been made of expansions
in powers of the time; nor of the first-order differences between two
“nearly equal’ elliptic orbits. These fall usually under the heading of
“orbit determination” and are dealt with more than adequately in
[3]. Nothing has been said about the proper choice of units, even
though, without this, an attempt at practical calculation in celestial
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mechanics may be stillborn. Also hyperbolic orbits have been
neglected, in spite of their increasing importance. Bearing in mind
these and other omissions, the reader should consult some of the
references.
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Matrix Methods

Consider the system of n first order differential equations
(1) dXi/dt=fi(XI,X21"'an;t)’ i=1;29"')n,

relating the n coordinates X; and the time t. These can be written
symbolically in the condensed form

(1A) X' =X,

where X and f are column matrices; the prime represents differ-
entiation with respect to the time.

Suppose that a solution Xgz(t) has been found, having initial
conditions

Xz(to) = Xo.

A “slightly different”” solution, X + 6X, might be found by solving
equations (1) again, subject to initial conditions X, + 6X, at . Then
sX would be found by subtracting Xz But this approach can be
extravagant in significant figures, and it is often better to solve
directly for 5X.

If the squares and products of small quantities are neglected,
then 6X must satisfy the first variational equations of the system (1):

32




33
Coxi [ afvex.af/0X,- - - of/e X [6X,

6X} 0f2/9X19f3/0X; - - - 3o/ 9Xa | | 0,
@ =

| 0X0 | [ 8fn/8X10fn/0Xs - - - 8fn/0 X, | | 86X,
or
(24) 35X = AsX.

The solution Xz(¢#) will be called the ‘“‘reference orbit”. Each of
the partial differential coefficients in the n-by-n matrix A is evalu-
ated along the reference orbit, so that A is a known function of
the time.

Equations (2) are solved when any set of n linearly independent
solutions is known. Finding these may present difficulties; but
suppose for the moment that we have such a set, and that it con-
sists of the separate columns of the matrix with elements &x;(f).
Since any linear combination of these columns also gives a solution,
the columns of

(3) Qt, 1) = [5x;(8) ] [6x;(t) ]

must all be solutions. The matrix Q(¢,¢) is equal to the identity
matrix when ¢ = #;; this provides the necessary initial conditions
to find its components by numerical integration. For example,
equations (2) would be solved subject to the initial conditions
6X,=1, 6X;=0 (i#1) to give the first column. The initial
conditions for the second column would be 6 X, =1,6X;=0 (I #2);
and so on. Q(t,t) is called the “matrizant” (or “fundamental solu-
tion matrix”’ or ‘‘state transition matrix’’) of the system (2). Since
each of its columns satisfies (2), it must itself satisfy

4) Q= AQ,
where
Q(to, to) = I.

If the function 56X (f) were to have initial conditions 6X (%) = 6X,,
then the appropriate solution of (2) would be
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(5 oX (1) = Q(to, ) 6Xo.

It is clear that Q(f,f) is the Jacobian matrix with components
(?X,'/(?XOJ, etc.
Consider the relations between residuals 6X at times o, 1, and
t,. We have
53X, = Qty, t,) 6Xo,

and
6X, = Q(t), t) 6%,
= Q(t,, t;) Qto, t1) 6Xo.
Therefore
(6) Qto, &) = Q(21, 8) QLo, 8,

a result that is also evident from the fact that Q(¢,t) is a Jacobian
matrix.

Consider the application of the matrizant to some situations in
the context of astronautics. Suppose that a reference orbit has been
calculated. If some maximum permissible error at time ¢, is speci-
fied, then the maximum permissible error at any earlier time &
can be calculated if Q(4),%) is known. If an error is observed at
t,, the effect at a later time ¢, can be calculated using Q(t,¢). But
if ¢, is fixed and ¢t, varies it is obviously inconvenient to solve the
equations for 2(ty,t;) many times for different ¢, and it is better
to put

(7) 83X, = Q7' (8, to) 8Xo,

and solve the corresponding equations with the initial conditions
applied at t,. We notice, incidentally, that Q7'(t,t) = Q(, t).
Furthermore, it is possible to avoid the inversion of the matrix;
for let

T(t, t)Q(t,t) = 1.
Differentiating with respect to ¢, and using (4), we find
8) T = —TA.

Equation (8) is called the ‘“adjoint equation” of (4). (The use of
the adjoint equations in this sort of context was first cultivated
in ballistics, and is described in [1].)
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Now suppose that equations (4) and (8) have both been solved,
the initial conditions making each matrix equal to the identity
matrix at time ¢,. Writing (6) as
(6A) Qto, 1) = Qb 1) @b, to) = Qs t2) Ty, L),

we see that the matrizant relating any two times can be found.
Normally X will have six components, of position

X Xl x’ X4
r= |y |=|X,|,and velocity ' = [y'| = | X;
Z X3 z/ X6

Let the matrizant in (5) be subdivided into four three-by-three
matrices:

Ulte,t)  V(ty,t
) Q(to,t)=[ (t, ) (o)]

Wk, t)  Y(b,t)

Suppose that an error ér, is observed at %, and it is required that
after a thrust has been applied there will be a velocity residual
or, such that ér at time ¢ is zero. Then we have

(10) oty = — V7 1Usr,.

Consider motion subject to a force function R. The differential
equations of motion are

Xi = X4’ Xé = X5’ Xé = X67 Xfi = aR/aXIy
Xt=0R/0X,, X¢=0R/0X:.

The first variational equations can be written as 6X’ = AsX, where

0 0 0 100

0 0 0 010

A= 0 0 0 001
’R/0X? 9*R/0X0X, °R/9X,0X; 000

(11) ’R/3X,0X, 9°R/0X: 9°R/0X,0X;000
*°R/0X30X, 0°R/3X:0X, 9°R/9X2 000

_’0 I
__B 0],say.
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Then substituting from (9) and (11) into the equation ' = AQ,
we find

U=W, V=Y W=BU, Y =BV,
from which
(12) UV = BU and V” = BV.
Equations (12) are to be solved subject to the initial conditions
Ulty,t)) =1,  V(tg, b)) = 0;
Uty t)) =0, V't =1.

(13)

The columns of U and V are six linearly independent solutions
of the equation

(14) or” = Bér,

which is the first variational equation of the equation of motion
in the form r” = grad R.

Let ér, and ér; be the initial increments in position and velocity
to be applied to the reference orbit at time f,. Then at time ¢

(15) or = U(ty, ) o1y + V (b, b) 81.

ér is a solution of (14), and since the components of ér, and érg
can be considered as six independent, arbitrary constants, it is clear
that (15) is the general solution of (14).

The matrizant and its components should always be considered
as functions of two variables (two independent times). Now consider

Z(tyt) = L Uls, 1) dr.
We have
az/at = I+ J;:(«?U(r,t)/()t) dr
and

a‘ZZ/atzzj (D2U(s,t) /92 dr
W

= J Bt)U(+,tydr = BZ.
to
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So Z satisfies the differential equation as well as the initial condi-
tions for V, and must therefore be identical with V. Hence

(16) Ulto,t) = — dV(ty, 1) /t,.
So the matrizant (9) can be written

— 3aV/at, V(ty, t) :l

17 Qto, 8) =
(17) (s, [—82V/6t6t0 aV/at

Let

]
=<
I

Q o, 1) = T(ty, t) = [

Then from (8) and (11) we find

vv| [ov
WYy WYy
Therefore
V=-U V=-W0=-VB W=7
So
(18) V” = VB, Y”=YB,
where
19 Vito, t) = 0, Y(to,t0) = 1,

Vitot) = — I, Y(to,t) =0.
Now B is symmetrical, so that transposing equations (18), we find
(18A) Vv'T=BV", Y"T= BYT”.
Comparing (18A) and (19) with (12) and (13), we see that
V=—- VI, U=Y", W=~ W’, and Y=U".

Therefore
-1

. Uu v yr -—v7? J
o ewo=| oo =] ]
a result that applies in general when the original system of equa-

tions is canonical.
The components of a matrizant would normally have to be



38 J. M. A. DANBY

found numerically; but in some cases it is possible to find them
analytically. This is notably so in the case of Keplerian motion,
for which the components of V are given in a paper in [2]. This
matrizant has possible applications in perturbation problems in
celestial mechanics. The components are most easily found, not
by solving the differential equation, but by considering, from
first principles, what the effects of errors in velocity at time
will be on errors in position at time &
Consider the equation

(21) 5X’ = AsX + g(8),

in which a “forcing function”, g(f), has been added to (2). The
equation is no longer homogeneous, and one way to solve it is to
take the solution of the homogeneous part, viz.,

(22) 8X (1) = Q(t, t) 6X,,
and allow the arbitrary constants, 6X,, to vary. Then
X’ = Q'6X, + Q26X§
= AQ5X, + QXJ.
Substituting this, and (5), into (21), we have
AQX, + 29X, = AwX, + g,
so that

ot
5X0=J Q 'gdt.
o

The complete and general solution is therefore
ot

(23) 6X=Q(to,t)6xo+sz(t0,t)J Q'to, 7) g(7) d,
)

where 5X, is once again constant. This is the exact solution of (21),
subject to the initial conditions 5X(¢) = 6X,; no conditions about
orders of magnitude are imposed. The first term, which includes
the arbitrary constants, is the complementary function, and the
second is the particular integral. If the particular integral is to
be found numerically, probably the best procedure is to solve equa-
tions (21) subject to the initial conditions 6X(f) = 0. (23) can be
simplified by the use of the multiplication formula (6) to give
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ot
(24) 6X = Q(ty, ) 6X, + Jto Q(r, ) g(7) dr.
Another form is
ot
(25) 5X = Q(to, £)8Xo + (s, 1) J:O Q(r,5) g(+) dr,

where s is an arbitrary time, chosen to make Q as simple as possible.

If the equations of motion are in cartesian coordinates, then
the first three components of g are zero; writing the last three as
f, we have, from (24)

(26) 5t = Ulty, 380+ Vito, £) 575 + J«, Vir.0)f(s) dr.

Or, from (25) and (20),
or = U(ty, t) ory + V(t,, 1) or§

27 *t
@7 +[Uls,) Vis,0)] j«) [

— VT, 1)
U'(s,7)
In the case of disturbed Keplerian motion, s would certainly be
a time of perihelion passage. Also in this case there are advantages

in changing the independent variable from the time to the eccentric
anornaly in the reference orbit.

J £(:) dr.
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The Lagrange-Hamilton-Jacobi Mechanics

I. Introduction. Consider a dynamical system specified by a set of
generalized coordinates ¢ = (¢;) (1 =1,2,---,N), subject to m holo-
nomic constraints, of the form

(1) #(q,t) =0,

where ¢ = (¢;) (j =1,2,.--,m). Then m of the coordinates can be
eliminated; the remaining coordinates number

(2) n=N-—m,

which equals the number of degrees of freedom. Such a system is
said to be holonomic. If the constraint equations (1) do not contain
the time explicitly, we say the system is scleronomic, in contrast to a
rheonomic system, with time-dependent contraints.

LEMMA 1. The kinetic energy is a quadratic function of the general-
ized velocities q.

Proor. Let the system be composed of N particles of mass m; and
position vectors r, of the form

(3) r, = ri(q, t); k=1,2,...,N.
40




Then

(4) Fp=Ty+ Thg i
(5) Fo=Ti+ 2 Fog it Tog - Teg iy 6,J=1,2,--,n,
where the subscripts ¢ and g denote the arguments of partial differ-
entiation, and summation with respect to repeated indices i,j is

understood. The substitution from (4) and (5) into the defining
equation

©) T = 2 mrt
leads to an expression of the form
1  ~ 1

(7N T=§QG‘I+b(I+§C-
Here G is the square matrix,
(8) G = (mkrk,q‘- ° rk,qj)y
b is a column matrix,

b= (mkrk,t . rk,q,‘)y
and c is a scalar,
9 c=mri,

The bar over a matrix will denote its transpose; thus b is a row
matrix. The conclusion now follows by inspection of (7).

COROLLARY. If the system is scleronomic, the kinetic energy is a pure
quadratic function of the generalized velocities.

Proor. Since ¢ is absent in (3), it follows that r,, = 0, so that b = 0,
¢=0, and

(10) T~ 7Ga.

Observe that: (1) G is the metric tensor of the configuration space;
i.e., the space of the coordinates ¢; (2) G is symmetric and positive-
definite; i.e.,

(11) G=0aG, |G| > 0.
The differential of work dW can be written
(12) dW = Qdg,
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-
where @ = (Q;) is the generalized force. We say the system is mono-
genic if there exists a potential function of the form

(13) V=V(qg?),

such that

(14) Q=% v-v,
T dt ”

We note that if the potential is not velocity-dependent, then V¢ = 0,
and

(15) = -V

i.e., the force equals the negative gradient of V in the configuration
space. A system is said to be conservative if

(16) V= V(q).
Generally, we define the Lagrangian function L by
(17) L(g,¢,) =T - V.

An axiomatic foundation of analytical dynamics is furnished by
the Hamilton Principle. The latter asserts that

L}
(18) 5]; Ldt=0
1

on a dynamical path connecting two fixed points ¢(t,) and g(¢;) in the
(g, t) space. If the system is holonomic, it is then necessary that L
satisfy the Euler equations of the calculus of variations;

(19) j—t L=L,

Define the set of conjugate momenta p by
(20) p=Lyg.4,1).
The latter equation can be solved for ¢ to yield
(21 4d=4(g.p,t)
provided

(22) | Ll #0.
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LEMMA 2. If a system is scleronomic and conservative, then |Ly,| = 0.

Proor. From (10), (11), and (16) we deduce

L=3dG— V@,

(23) L, = Gy,
Ly,=G,
|Lal = 1G] > 0.
The Hamiltonian H of a system is defined by
(24) H(g,p,t) = p¢ — L(q,4,1),

where ¢ appearing in the right-hand member is to be expressed as a
function of ¢, p, t by means of (21).

THEOREM 1. If the system is scleronomic, and if the potential is
velocity independent, then the Hamiltonian equals the total energy E of
the system.

ProoF. From (23.1) and (20) it follows that
p=Gq,
¢d=G"'p.

(25)

Here we recall that G is symmetric and that the transpose of the
product of several matrices equals the product of the transposed
matrices arranged in the reverse order. Therefore, with the aid of
(10), we obtain T= 14G¢= 1p GGG 'p, leading to

(26) T = %I)—G‘IP.

Finally, (24) and (17) imply H = 2T — L and
27 H=T4+ V=E.

A set of 2n variables (g, p) is said to be canonical if it satisfies the
canonical equations of Hamilton,

(28) qd= Hp9 p=—- Hq'

We shall show that (28) is implied by (18). In the original formula-
tion of the Hamilton Principle, the end points were fixed in the con-
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figuration space. We shall now modify the Principle by fixing the
end points in the phase-space of (q,p).

THEOREM 2. The Hamilton Principle implies the canonical equations
of motion.

Proor. In view of (24), the integrand of (18) can be written as

and can be regarded as a function of (¢,p,?) and the derivatives
(¢,p). Then the hypothesis requires that L(g,p,q,p,t) satisfy the
Euler equations in the form

d d

(30) E Lq = Lq, E Lp = Lp.
From (20) and (29), we deduce
(31) Lq =p, Lq = - Hq, Lp = 07 Lp = q - HP’

which together with (30) implies (28).

THEOREM 3. If the Hamiltonian does not contain the time explicitly,
then it is a constant of the motion.

Proor. With the aid of (28),
H= H:+(I_Hq+P_Hp

(32) =H,+ H,H,— HH,

= Ht)
since the inner product of the vectors H; and H, is commutative. The
hypothesis H, = 0 then implies H = 0 and H = const.

Let the state of a system in the phase-space be specified by a 2n-
vector

- 1)

and let D be the corresponding 2n-vector differential operator. We
introduce the canonical matrix &, represented by

(2D
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where O denotes the n X n null-matrix, and I the n X n identity
matrix, and note the following identities:

(35) b= — D=0, D=1 |B|=1;

i.e., &, is skew-symmetric and orthogonal. With the definitions (33)
and (34), the canonical equations (28) assume the form

(36) x == q’on = q:’oDH.

The extended phase-space of 2n + 2 dimensions includes the conju-
gate variables

37) G=t py=—H.
With the extended Hamiltonian, defined by
(38) /= H + p,,

the canonical equations,

(39) do= Ly,  Po=— %,

are, indeed, satisfied. The first one is equivalent to the trivial identi-
ty 1 = 1; the second is equivalent to H = H,, which is equation (32).
The invariant imbedding described in this paragraph eliminates the
time from the Hamiltonian, and reduces ¢ to the role of a parameter.

I1. Transformation of variables. Consider the transformation x — x’
defined by

(40) X = x'(x).

If the transformation should involve the time, the latter could be
eliminated by the imbedding construction of §I. Let J denote the
Jacobian matrix of the transformation,

(41) JExx_(ax /ax) i)j=172:"',2n'

The following properties of the Jacobian will be used:
(1) d =dxD, whered is the total differential operator;
(2) J=Dx’;

(3) dx’ = Jdx;
(4) a.= a,b;
b)) a,=1I;

6) a= (b ) -
(1) D= D
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The proofs are quite elementary and will be omitted here. In the
language of tensor analysis, we say that dx is a contravariant vector,
whose transformation is described by the matrix J in (3), while D is
a covariant vector, transforming by the matrix J ' in (7). The two
matrices so related that the transpose of one equals the inverse of
the other are said to be mutually contragredient.

THEOREM 4. If J is the Jacobian matrix of the transformation x’ (x)
on a canonical set x with the Hamiltonian H, then the equations of
motion in terms of x’ are

(42) % =¢oD’'H,
where

and the scalar invariant H is expressed as a function of x'.

The proof involves the relations '’ = Jx and D = JD’ implied
by the properties (3) and (7) respectively, and the use of the canoni-
cal equation (36).

The 2n X 2n matrix ® defined by (43) is named after Poisson; its
elements @;; are the Poisson brackets, denoted by the symbol (i,))
in the present chapter.

I11. Canonical transformation. A transformation is said to be canon-
ical if it preserves the canonical form of the equations of motion.

THEOREM 5. A transformation with the Jacobian J is canonical if
and only if

(44) JbyJ = .

The proof follows from (36), (42), and (43). The Jacobi relation
(44) is equivalent to the following:

%% — 99 =0,

(45) 9Py — 4 b; = 1,
pipy — Py pg =0.

The proof involves the block representations (34) and

(46) g=(5 %),
p; P
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with the use of the rule of matrix block-multiplication.
Another form of (44) is

(47) $od = J ' @,
which is equivalent to
9% =Dy, @=—Gp,
(48) —‘I, P p _ D
pq = - pq’y pp = qQ'.

THEOREM 6. For any function S(q,p’,t) with |S,| %0, the trans-
formation (q,p) — (¢’,p’) defined by

(49) p = Sq9 ql = Sp’y H’ = H+ St

is a canonical transformation.

PRrOOF. Let (g,p) be canonical variables satisfying (28) with the
Hamiltonian H. Define L and L’ by

Ldt=pdq— Hdt,
L'dt =p’dq’ — H’ dt.
Then it follows with the aid of (49) that
Ldt — L'dt=S,dg+ S,dp’ + S,dt — d(p’ ¢’)

(50)

(51) =dS —d(p’q’)
=dW,
where
(52) W=S-p'q.
Hence
o ]
(53) 6ﬁ (L — L)dt =W W= 0,
1

since W is a function of ¢, p’,t and since the end points are assumed
fixed in phase-space. On the other hand,

(54) 5ﬁ2 Ldt=0
1

in consequence of (28). Hence s f;2 L'dt= 0, or
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2 _
(55) 5£ (p"¢’ — H')dt =0,

which implies
(56) ¢ =H, p=-H,

by the argument of Theorem 2. Provided |S, | # 0, the first equa-
tion of (49) can be solved for p’ and the result substituted into the
second equation. Then the transformation is specified by the equa-
tions of the form ¢’ = q’(q,p,t) and p’ = p’(q,p,?).

COROLLARY 1. The transformation is canonical if
(67 pdg — Hdt — (p’dq’ — H’ dt) = dW,
where dW is a total differential.

CoRrROLLARY 2. The transformation is canonical if H' = H and
(58) pdg—p’dq’ =0.

Of the 2n arguments of S,n are old variables and n are new. Alto-

gether four forms of S are distinguished, which are related to W as
indicated below:

(1) W= S(g,9), p=>5, p' = —Sg
(59) (2 W=S8(@p)—p4q, p=3S, q =5Sp;

(8) W= —S(¢’,p) + by, q=3S,, p’ =S¢

WW=Sp,p)-pPq¢+pe, q=-S, ¢ =5

1V. Some algebraic properties of a canonical transformation. A trans-
formation such that ¢’ is a function of ¢ only and p’ a function of p
only is termed an extended point transformation.

THEOREM 7. An extended point transformation is canonical if and
only if (1) it is linear, and (2) the coordinate and the momentum trans-
formations are described by mutually contragredient matrices.

Proor. Since ¢’ = ¢’(g) and p’ = p’(p), it follows from (48.2) and
property (6) of §II that

(60) g, = (p;) ' = A,

where the matrix A is independent of ¢ and p.
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CoROLLARY 1. A linear transformation of the form

(61) ¢ =Aq, p'=Bp
is canonical if and only if the matrices A and B satisfy the relation
(62) A=B"

In the proof we note that
(63) ¢, =4, p,=B.
Then (62) follows from (60).

COROLLARY 2. If the coordinates are multiplied by a constant factor A,
while the momenta are divided by the same factor, the transformation is
canonical.

The proof follows from (62), which is clearly satisfied by
(64) A=, B=1]/x
THEOREM 8. The set of all canonical transformations is a group.

In the proof, the properties of closure, associativity, the existence
of the identity element, and the existence of the inverse are estab-
lished with the aid of (44), the rules of matrix algebra, and the prop-
erties of the Jacobian, numbered 4-6 in §II. A useful identity,

(65) J &y = @,

is derived from (44) by premultiplying the latter by &,J ! and post-
multiplying by &;J.

THEOREM 9. The Jacobian determinant of a canonical transforma-
tion equals unity.

Proor. Since |&,| = 1, it follows from (44) that |J| = + 1. The
negative sign is then ruled out by two circumstances: (1) the group
of transformations is continuous; (2) for the identity transformation
x’ = x the relations J = I and |J| = + 1 hold.

V. The Hamilton-Jacobi equation.

THEOREM 10. If the generating function S(q,p’,t} of a canonical
transformation is so chosen that the new Hamiltonian H’ is identically
zero, then the new coordinates q’ and the new momenta p’ are constants
of the motion, and S satisfies the Hamilton-Jacobi partial differential
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equation
(66) H(g, S, 1) +S,=0.

ProoF. The first part of the conclusion follows from (28) with all
quantities primed and H’ = 0; (66) is a direct consequence of (49.3).

THEOREM 11. If the Hamilton-Jacobi equation (66) has a solution
S(q, a,t) with a a set of n constants, then the functions q(t) determined
by the equations S, = 8, with 8 another set of n constants, and the func-
tion p(t) determined by the equations p = S,, are the coordinates and
the momenta respectively in the solution of the dynamical problem with
the Hamiltonian H(q,p,t).

Proor. Let the new variables be defined by
(67) p’ ' =a, q’ = 8.

By Theorem 6, S(q,a,t) is then the generating function of the
canonical transformation (g, p) — (8,a) with the new Hamiltonian
H’ = H + S, = 0, vanishing identically in virtue of (66). Since a and
g trivially satisfy the canonical equations with H’ = 0, they are
canonical variables. Furthermore, (8,a) — (g,p), being the inverse
of a canonical transformation, is also a canonical transformation by
Theorem 8. Therefore, (g, p) are canonical variables with the Hamil-
tonian H. If « and g are so chosen as to satisfy the initial conditions
q(0) = ¢, and p(0) = p,, the solution of the dynamical problem is
unique.

Thus, if one succeeds in solving the Hamilton-Jacobi equation to
obtain a function S(g, a,t), he has in effect performed a canonical
transformation (g, p) — (8, «) with H = 0. In the new variables, the
phase path shrinks to a point « = const. 8 = const. The old variables
are then expressed with the aid of the function S in the form ¢(«, 8, )
and p(a,B,t). The detailed procedure is summarized below:

(1) Construct the Hamiltonian H(q, p,t) of the system and set up
the Hamilton-Jacobi equation (66).

(2) Find a solution S{(g,a,t) of (66) containing n arbitrary con-
stants a.

(3) Write the kinematic equations of motion S, = 8, where 8 is
another set of n arbitrary constants.

(4) Solve the latter equations for g, obtaining ¢ = g(a, 8,1t).

(5) Determine the constants of integration «,8 from the initial
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conditions ¢(0), ¢(0).
The Hamilton-Jacobi equation can be solved exactly if it is separ-
able.

VI. The separable case. A system is said to be partially separable
if a solution of Hamilton-Jacobi equation can be represented by

(68) S(g,t) = Wi + 7 (),

where W is a function of q only, called the Hamilton Principal Func-
tion, and _ a function of ¢ only.

THEOREM 12. A conservative scleronomic system is partially separa-
ble.

ProoF. Since t is absent in the Hamiltonian, (66) assumes the form
(69) H(g,S) + S =0,
which separates into
H(q, W,) = a; = const.,

_7"=—a1

(70)

by means of the substitution (68). Then (70.2) leads to .9 = — a;t
and

(71) S =W(g,ao — at,

where W is to be obtained as a solution of (70.1) with n arbitrary
constants a.

A coordinate is said to be ignorable if it does not appear explicitly
in the Hamiltonian. By the argument of the proof of Theorem 12,
such a coordinate ¢; contributes to S a linear term «;¢;. In Theorem
12, the role of ignorable coordinate is assumed by the time. Another
example is furnished by the azimuth coordinate ¢ of a particle in an
axi-symmetric potential field.

We note that «, in (69) is the total energy by Theorem 1. The
transformation equations are p = W,, and

Wal = 61 + t:
Wuz = ﬂ2y

(72)

A system is said to be completely separable if a solution of the
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Hamilton-Jacobi equation can be represented in the form

S(q,t) ='Z Si(q),
(73) ’
Q=t

Then p = S, leads to
(74) Sl/ =pi(¢Ii,01), (i=0,1"",n)’

so that each momentum is a function of the conjugate coordinate
and the n separation constants «. In particular, fori = 0, S§ = po= —
a, = — H by the argument of Theorem 12. This result is in accord
with (37). In the process of solution, the Hamilton Jacobi equation
splits into n 4+ 1 ordinary differential equations (74). With the aid of
(73), S is obtained by quadrature,

(75) S=> | pdg,a)dg = f (pdq — Hdt).
izo

In view of (29) and (18), the latter expression can be identified with
the action, defined by

(76) S = min f Ldt.

A useful criterion for separability is furnished by the Staekel Con-
dition: In an orthogonal coordinate system ¢, there exists a non-
singular matrix &;(q) and a vector yi(¢;) with i, j=1,2,---,n
such that

V=2 Vi/8i
(77) 1
(@7 ")y = 1/g;,

where g; are the elements of the diagonal matrix G, representing
the metric tensor of the configuration space.

THEOREM 13. If a conservative scleronomic system satisfies the
Staekel Condition, then the system is separable.

PrOOF. In view of Theorem 1 and (26), the Hamiltonian can be
written
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(18) H=5G"@p+ V(@

The Hamilton-Jacobi equation (70.1) then becomes

(79) 2 WG QW,+ V(g = an.

The substitution

(80) W=3 W)

converts (79) into

(81) 2 (W) gi+ V=a.
1

DD |

We shall show that if the functions W; are defined by
(82) (W) = — 24+ 3 ¥ja;, L,j=1,2,---,n,
j

where «a; are the separation constants, then (81) is identically satis-
fied. Let a and b denote the n-vectors defined by
(83) a= (W)Y, b= (gi".

In the matrix notation (81) and (82) then become

b—a+ V: aq,

DO =

(84)
a= — 2y + 2¢a.

By the hypothesis (77),
(85) by=V, (1,0,--)% '=b.

Finally, the elimination of @ and b reduces (84.1) to (1,0, ---)& 'da =
ay, which is readily seen to be an identity.

Examples of a Staekel system for a particle are furnished by the
following potentials:

(1) V= — 1/r, where r is a spherical coordinate.

(2) V= —1/r+3 Jyfci(cos’d — ¢)/2r* + cg/r + cy/ 77,
where r,0,¢ are spherical coordinates and cy,c,,c3,¢, are disposable
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parameters. In the artificial satellite theory, ¢c; =0 was used by
Sterne in [8], and ¢, = 0 by Garfinkel in [9].

(3) V= —¢/(¢#+ %, where £,1,¢ are spheroidal coordinates,
was used in the artificial satellite theory by Vinti in [12].

(4) The most general separable potential in spherical coordinates
is of the form

(86) V=Fh(") + f8)/r* T f3(¢) /r* sin® 6.
The Staekel Condition is satisfied with
vi=fu
1 —r 2 90
87 =0 1 csc?o
0 0 1

VII. Conditional periodicity. For a Staekel system, (74) and (71)
imply

(88) Pi= th(q:)a); (i= 1121 "’)n)'
In view of (82), it then follows that

pf = — 2ui(q) + Z ®(qi)a;
(89) ’
= Fi(gi,a).
Thus the phase-path is decomposed into n two-dimensional curves
of the form

(90) pi = + V(Fi(g;, a)).

If F= 0, the motion is real and can be classified as circulation or li-
bration.

A coordinate ¢; is said to circulate if it is an angle and if F; is
bounded from above and below by positive constants. Depending
on the initial conditions, the phase-path is one of the two branches
of (90). Since G is a diagonal matrix, (25.1) reduces to

91) Pi = 8idi

with g; > 0. Therefore, if ¢;(0) > 0 then ¢;(¢) > 0 and p;(t) > O for
all ¢, so that ¢; increases monotonically from ¢(0) to «. If Fi(q) is a
periodic function, then p(q) is also periodic with a period 2x. As g;
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increases by 2, the coordinate is said to go through a cycle.

A coordinate ¢; is said to librate if there exist constants ¢ and &
such that
(92) F,'>0 %fa\q,<b,

F,=0 ifgg=aorqg;=5b, a=<q(0)=b.
It then follows from (91) and the continuity of ¢; that g;(f) is
“trapped” in the interval (a,b), traversing it back and forth while
the phase-point describes a closed loop p;(¢;}, symmetric about the
g-axis. Each closed loop constitutes a cycle of the coordinate.

A simple pendulum librates or circulates, according as E < 2mgl
or E > 2mgl. If E = 2mgl, the phase-path is traversed in infinite
time, and the orbit is said to be asympiotic.

The phase-integrals of the motion are defined by

(93) Ji = § pi(qi’ a)d‘Ii, (i = 11 2’ "')n)y

where the integral is taken over a cycle. Clearly, the n-vector J is
a function of the n-vector « only; i.e.,

(94) J = dJ(a)

and is therefore a constant of the motion. Let the Principal Func-
tion, written as W(q, J), be the generator of the canonical transfor-
mation (¢, p) — (w, J) with H' = H = const. Then

(95) p=W, w=W,

Since J = 0, w is ignorable, and

(96) H = H(J).

Indeed, the canonical equations are

(97 J=0, w=H,

whose solution is of the form

(98) J = const.,
w=pt+9,

where » and é are constants. The conjugate variables J and w are
called the action-variables and the angle-variables respectively, and
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»is the set of the fundamental frequencies of the motion. If (71) is
now written in the form

(99) S = W(g,J) — Ht,

and differentiated with respect to oJ, it then follows with the aid of
(95) and (98) that

(100) V= HJ, 6= SJ.

Thus the fundamental frequencies of the motion are equal to the
partial derivatives of the Hamiltonian with respect to the action-
variables. The result (98) is a special case of the following theorem.

THEOREM 14. If all the coordinates are ignorable then the conjugate
momenta are constants of the motion and the coordinates are linear func-
tions of the time. The theorem is valid if the words “coordinates’ and
“momenta’’ are interchanged.

We shall next examine the relation between ¢ and w. A function
f(x) is said to be quasi-periodic if it is a sum of a periodic and a
linear function of x; i.e.,

f(x) = rx + g(x),
g(x + P) = g(x).

Such a function is characterized by its secular rate r and its angular
frequency w = 2x/P.

(101)

THEOREM 15. Each (librating/circulating) coordinate q is a (peri-
odic/quasi-periodic) function of the angle variables w. The period in
w; equals unity, and the secular rate equals 2x.

ProoF. First consider the case where all the coordinates librate.
By (95), both w and p are functions of ¢ and the constants J. Hence

(102) dw = w,dq = Wydq = Wydq = (pdg),.

Let the number of cycles traversed by ¢ lie between m and m + 1,
where m is a n-vector composed of integers. In view of (93), the
integration of (102) over m cycles contributes to Aw the expression

(103) (md)y = m;

the entire Aw is therefore
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q(t)
(104) Aw =m + © pydg <m—+1,
where the integral is taken over a “fraction” of a cycle. If ¢ goes
exactly through m cycles, then ¢(t) = ¢(0), and

(105) Aw = m,

and conversely. If a coordinate circulates, then it advances by 2«
each cycle. In the analysis, ¢(0) is replaced by 2xm, without affecting
the conclusion (105). Therefore g; can be expressed in terms of the w’s
in the form

(106) ¢; = 2rw;c + 2 AP exp [ 27/ (— 1) Grw, + jawa+ --4)],

where j,, js, - - -, J are integers, and ¢ assumes the value 0 if ¢; librates,
and the value 1 if it circulates.

In view of (98) two types of motion are distinguished:

(1) If »; are commensurable, then ¢(t) is a periodic function of the
time, and the orbit is said to be periodic.

(2) If »; are incommensurable, then ¢(¢f) is not a periodic function
of the time, and the orbit is said to be conditionally-periodic.

It is to be noted that (105) cannot be satisfied in the actual motion
if »; are incommensurable. However, this circumstance does not
affect the proof of Theorem 15, which deals only with the mathe-
matical properties of the function q(w).

THEOREM 16. In a conditionally-periodic system the mean frequency
of the coordinate g; averaged over an infinite number of cycles is equal
to the fundamental frequency v; of the motion.

Proor. The set defined by
(107) G=w/ny  (i=1,2.--,n)

contains at least one irrational number. By a theorem of Dirichlet,
the system of inequalities

(108) & —my/N| < N~17n

has an infinite number of integer solutions for N and m;. The division
of (104) by the time interval T defined by »; T = N yields with the
aid of (98)
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q()
(109) [, po-da |=INe - mf <N
and
(110) v — %< p N171m,
Therefore the mean frequency », is given by
(111) u,=!rim m/T =v.

We shall redefine J and w by means of

1
Ji== idg;,
L fp g
(112) w;=2r(v;t + 45,
=n;t+ o;.

That the new variables are canonically conjugate follows from Corol-
lary 2 of Theorem 7. The new w;(t) are angles described with the
angular frequencies n;; the initial values w;(0) = o; are the phase-
constants.

VIII. Application to the Kepler problem. The Kepler two-body
problem is a simple example of a separable system. In the spherical
coordinate system (r, 8, ¢) with # the complement of the polar angle,
for a particle of unit mass,

V= - ’
(113) o

T = %(r‘2 + r6* + r’cos’6¢?),

where 4 is the product of the gravitational constant and the mass of
the central body. From (17) and (20),

(114) p1="F, py=r0, p;=ricos’e.
By Theorem 1,

(115) H= %(pf + p3/r* + p3/r*cos’) — u/r;

the Hamilton-Jacobi equation is
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(116) (S?+ Si/r*+ S%/r*cos?60)/2 — u/r+ S, = 0.

Since the Staekel Condition is satisfied in virtue of (86), let

117 S = So(t) + Si(r) + S2(6) + Si(¢).
Then,

S(; = — oy,

S{ = (20, + 2u/r — 012/"2) 2= Dy,
(118)

S; = (af — afsec’9)'? = p,,

Si = a3 = ps,

where the o’s are the separation constants. (The constants «, and a3
of (82) have been replaced here by laf and iaZ) The integration
of (118) yields

(119) S=—at+as¢+ |pidr+ |p,ds.

From Theorem 11 follow the kinematical equations,
fdr/Pl =fh+t
(120) — oy fd"/"zpl + a3 fdo/Pz = s,

¢ — aafsec20d0/p2 = .

For a bounded orbit, «; < 0, the integrals are evaluated as follows:
Define new constants a, e, i, s,w,2; n by the equations

ay= —p/2a, of=upa(l —e®) =pp,  cosi= as/as,
(121) Bl = U/n, 62 = w, 63 = Qy
a’n® =y,

and the uniformizing variables E, v, 1, y by
r=a(l —ecoskE),

r=p/(1+ecosv),
l=FE —esinE,

sinf = sini siny.

(122)
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Then,

(123) dr =.ae sin EdE, —d(1/r) = esinvdv/p,
and
I = Lnr dr/p,
(124) = fr(ua)‘”z[(l-i-e—r/a)(r/a— 1+ e) ] *dr
1 .
= —(E —esinE) = /n,
n
I, = fmm axdr/rip,
125 = - a2f3(u/a) [a(1 + e)/r — 1][1 — a(1 — &)/r]} 2d(1/1)
=v,

4 ]
I= J;azd(’/l’z = ﬂaz(a-f) — ajsec’d) "V*do
8
(126) =f (sin®*i — sin®f) ~*d(sin#)
0

=¥,
] ¥

I, = J;oq sec?f(al — aisec’d) 2dh = cosi ﬁsecz()d\/«

-

(127)
= cosifd\///(l — sin®isin’y) = tan"'(cositany).

The equations of the orbit now appear in the form:

E —esinE =nt + o, r=a(l —ecosE),

tan%—— ’(iii) tang,
(128)
Vy=V+ o, sinf = sinisiny,

¢ = Q+ tan"!(cosi tany).
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It is easy to show that (1) the orbit is a plane curve; (2) the
plane of the orbit is specified by its inclination i and the longitude
of the ascending node Q; (3) v is the angle made by the radius vector
with a fixed line in the plane; (4) hence the orbit is an ellipse, the
fixed line is the line of apses, w is the argument of the pericenter,
and v is the true anomaly; (5) E is the eccentric anomaly, | the mean
anomaly, n the mean motion; (6) ¢ is the argument of latitude.

IX. The orbital elements. The elements of a Kepler orbit are the
six quantities by which the orbit can be specified. We shall discuss
six types of such elements.

1. The Jacobi elements are the constants « and 8 introduced in
the solution of Hamilton-Jacobi equation:

a;—the energy

a;—the angular momentum

agy—the axial component of the angular momentum

Bi—minus the time of the pericenter passage

Bo—the argument of the pericenter

B5—the longitude of the ascending node

2. The Kepler elements are the constants a, ¢, I, g, », Q introduced
in §VIII:

a = — u/2a,, the semi-axis;

e =[14 2a;a3/u*]"? the eccentricity;

I = cos '(as/as), the inclination;

c=08n=(— 2a;)¥28,/u, the mean anomaly at t = 0;

w = f,, the argument of the pericenter;

Q2 = B3, the longitude of the ascending node.

3. The action and angle variables are the J’s and the w’s defined
in (112). In terms of the «’s, we calculate:

Ji= 2—17r§(2a1 + 2u/r — of /1) dr = p( — 20,) 7V — ag,

(129) JZ = %rﬁ(a% — a% sec20)”2d0 = a9 — 3,

1 2x
JS = _§ agdd) = «ags.
2z Jo

The integration in the first two lines of (129) has been carried out by
means of partial differentiation with respect to the o’s. Indeed, with
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the aid of (124-127),

1 E=2x 1 )
Ji, = - I =2 =pu(—2a) 7%
27 E=0 n
1 v=2x
Jla2=_ZrI2 -0 =—1y
(130) 1 —2e
J2a2 = 5‘; I3 " = 1,
y=2x
szs = — i 14 = - 1.
27l' v=0

From the relation dJ = J,da we derive J = fJ,da + ¢, and (129)
follows immediately within the additive constant ¢. To show that
¢ = 0, we note that (1) e = 0 implies = 0,p, =0, J, = 0, 20, 5 + 4°
=0;(2) i=0implies =0, p,=0, J, =0, ay = as.

The a’s can be expressed in terms of the J’s:

3
> Ji=u(— 2a1) 2 =/ (ua),
1

oy = “%#2(J1+J2+J3)_2,

(131)
oy = Jy+ s,

ag = Ja.
In view of (100), (112), and the relation H = «,, we calculate the

fundamental angular frequencies n; and the phase-constants ¢; from
the equations

(132) n;,= ayg;y 0P = SJ,‘ ’ (i = 1721 3)~
The first equation yields
(133) ni=ny=n3=p*J+ Jo+ J3) P = p7( — 2a))¥* = n.

Since the frequencies are commensurable, the motion is periodic;
since they are equal, the motion is said to be degenerate. In view of
identities (1) and (3) of §II, the second equation of (132) can be
written in the form

(134) o=S;=a,8,.




THE LAGRANGE-HAMILTON-JACOBI MECHANICS 63
By the differentiation of the «’s in (131) we obtain

(135) ay =

— - O

0
0
1
Since S, = 8, (134) then leads to

g, = np, = o,
(136) o2=nNB+B=0+ 0,

ag=n+B+Bk=0ctwt

Finally, the angle-variables w; are constructed with the aid of
(112):

wy=nt+g=1,
(137) w; =14+ w,
w3=l+w+9.

4. The canonical elements of Delaunay can be obtained from the
action and angle-variables (w, J) by means of a linear extended-point
transformation. The latter will be generated by a function S of the
form

(138) S=q Ap,

where A is a constant matrix. By Theorem 11, the transformation
defined by

p’=Ap, q=Aq
is canonical. As a check, we note that the relations
(139) pp=A4A, ¢=A4"

indeed satisfy the hypothesis of Theorem 7. Let g=w,p=2dJ, and
choose A as

1 1
(140) A=]0 1
0 0

— =

Then, the contragredient of A is
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1 0 O
(141) A= |-1 1 0],
0- -1 1

and the new variables are constructed from

(142) g =A4A;" p’ = Ap,
which yields

l v/ (ua)

4

(143) g =161, p = as
B3 ag

Delaunay adopted the notation L = v/(ua), G = ay, H = a3, § = B3,
h = B;. In terms of the Kepler elements,

L = \/(ua), l=nt+ g,
(144) G=Lv1-¢), g=u,
H = Gcosi, h = Q.

Conversely, the relations
w, =1, J =L -G,
(145) w,=1+g, J,=G- H,
wy=1l4+g+h, Jy=H,

express the action and angle-variables in terms of the elements of
Delaunay.

Since the letter H has been pre-empted by Delaunay, it has be-
come customary in celestial mechanics to use the letter F for the
Hamiltonian. Another convention is the change of sign of the Hamil-
tonian, which is equivalent to the interchange of the coordinates and

momenta. Thus
F=—qa =pu¥2L%

(146) T T wmwlE .
L=F[=0, l=—FL=;L2/L3=n.

With the exception of [, the Delaunay elements are constants in the
undisturbed motion.

An alternate derivation of Delaunay elements is based on the
generating function
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(147) S = —art+ p( — 20)) 7?85 + ap BT + s,

where the unprimed o and 8 are the previously defined elements of
Jacobi. Then of = Sy{ and 8, = S, leading to

af = p( — 2a)) "=V (pa)= L,
(148) Br= —t+u( — 2ay) 7?6 = — t+ Bi/n,
Bi=nt+p)=nt+s=1

The remaining elements are unchanged. Since the old Hamiltonian
corresponding to the Jacobi elements is zero, the new Hamiltonian
becomes

(149) F=F4+8=—oa =u%2L3%

in agreement with (146).

The “slow’” Delaunay set, obtained by the replacement of [ by the
constant ¢, can be derived from S of (147) with the term — ot
omitted. The corresponding Hamiltonian is zero in the undisturbed
motion, in contrast to (150), which belongs to the original, or the
“fast” set.

5. A modified Delaunay set is constructed by a canonical linear
transformation of the original set. With S of the form (138), and

1 0 0
(150) A=|-1 1 0],
0 -1 1

we first construct the contragredient matrix,

111
(151) A'l=1011
001

’

and then derive the new variables from (139) as
(152) L,G-L H- G; l+g+h, g+ h,h

We recognize [ + g + h as the mean longitude, and g + h as the longi-
tude of the pericenter. It is noteworthy that
G — L= 0(,

153
(153) H — G= 0O(sin®i/2).
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6. The Poincaré elements,

L, l4+g+h,
(154) V(2(L — G))sing +h),  /(2(L — G)) cos(g + h),
vV (2(G — H)) sinh, \V/(2(G — H)) cosh,

are derived from the modified Delaunay elements by means of the
transformation

(155) @ = /(—2g)sinp;, p/=+/(—2¢)cosp;i (1=2,3).

That this transformation is canonical follows from the fact that the
Jacobian determinant is + 1 in each of the three phase subspaces.
Hence the Jacobi relation (45.2) is satisfied.

Poincaré elements are especially useful for orbits of small eccen-
tricity and inclination. Indeed,

g; ~esinw, ps~ecos w,
(156) 2 : N
g ~sin(i/2)sinh, pj~ sin(i/2) cosh,

where w=g + h.

X. The method of variation of constants. A nonseparable system
with a small parameter k can be solved approximately. In planetary
theory, k is the ratio of the mass of the disturbing planet to the
mass of the Sun; in the lunar theory it is the ratio of the mean mo-
tion of the Sun to that of the Moon; in the artificial satellite theory
k is oJ,, the coefficient of the second zonal harmonic of the geo-
potential. In all cases, the solution can be expressed as a power series
in k.

The method of variation of constants involves the following four
steps:

1. Choose a “reference” potential V, for which the Staekel Con-
dition is satisfied and for which the “disturbing” potential V; =V
— V, is of order k.

2. Solve the Hamilton-Jacobi equation

(157) Hoy(q,S,,t) + 5. =0,

corresponding to V = V,, yielding S(q,a;t); then S, =8 furnishes
the solution ¢(t; a,8) of the ‘“unperturbed” problem. (Examples:
the Kepler ellipse for Vo= — 1/r and the Garfinkel and the Vinti
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“intermediaries” in the artificial satellite theory.)

3. Let H = H - Hy= O(k), where H is the Hamiltonian of the
original problem, and let S above be the generating function of the
canonical transformation (g,p) — (8,«). The new Hamiltonian is

(158) H'=H+S,=H0+S,+H1=H1,
and the new variables (8,a) satisfy
(159) 8= H,, a@ = — Hy.

In matrix form,

8
(160) ¢ = & Hy, eE< )

24

These are the equations of the variation of the elements.

4. Solve the equations of variation by successive approximation,
such as the method of Poisson and the method of Delaunay. An
epitome of the entire procedure was given by T. E. Sterne: “In order
to solve the exact problem approximately, we first solve an approx-
imate problem exactly.”

An independent derivation of (160) is contained in the following
theorem.

THEOREM 17. If the solution of the problem with H = Hy,+ H, is
expressed in the same form x = x(, (t,e) as that of the unperturbed
problem with H = H,, but with e no longer constant, then e satisfies

(161) é=&H,,

where

(162) b=e dye,.
Proor. From (36),

(163) %= 9 H,, 10 = ¥ Hy,.

By the differentiation of x = x(¢,e),

(164) X = X:+ x.€.

Since x = x) corresponds to e = const.,

(165) X0 = Xt
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Let D, and D, denote the gradient operators in the x-space and the
e-space respectively. Then

(166) x.€ = &(H — Hy), = ¢ H\x = oD, H,.

By properties (6) and (7) of §II (x.) '=e, and D, = e, D.. The
conclusion now follows with the aid of (162).
If e is a canonical set of constants, such as

-(0)

then ® = &,. In accord with the convention of §IX the coordinates
and the momenta are interchanged while the sign of the Hamiltonian

is reversed. If the disturbing function R is defined by R = — H,, then
the canonical equations for the variation of constants take the form
(167) a=R; 6=-R,
or

[0 4
(168) 6= ®R, e= (3) .

XI. On the Poisson brackets. The equations of variation for a non-
canonical set of variables involve the Poisson matrix . The calcula-
tion of & is facilitated by the use of the following two theorems.

THEOREM 18. The Poisson matrix (e) belonging to a set of varia-
bles e is a function of e only, and is independent of the reference canoni-
cal variables x appearing in the definition (162).

ProoF. Let x and y be two sets of canonical variables, and let
®(e| x) denote ®(e) defined with respect to x. For the canonical trans-
formation y — x, with J = x,, (162) and (44) imply

(169) ®e|x) = e, ®oe, = e,(x, B X,)e,.

By the associative property of matrix multiplication, property (4) of
§II, and the reversal rule for transposition, we obtain

(170) d(e|x) = (e, x,) b (x,€) = e, o, = dle]y).

THEOREM 19. If the two 2n-vectors

’

(). ().
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have the following properties: (1) e is a canonical set; (2) e’ is derived
from e by the semi-identical transformation of the form

(171) ¢ =99, p =p,
then the Poisson matrix ®(e’) has the structure
0 @
(172) b = - ’
-qQ 0
where € = q;.

The proof follows from (43) with

Q 0

173 J=¢e, =
(173) 0 I

As an example, let ¢’ be the Kepler set of elements and e the
“slow” Delaunay set of §IX. The semi-identical transformation
e—e’ is characterized by

ar 0 0
(174) Q = e; eg O

0 ig iy
The partial derivatives are obtained from

a= L%y, e = (1 — G¥ LYY cosi = H/G,

(175) R,
leading to
ar=2L/u = 2/na = (1,4),
e, = (1 — e’ /na’e= (2,4),
(176) ec= — (1 — e*)"?*/na’e = (2,5),
g = coti/na®*(1 — e%)'* = (8,5),
in= — csci/na®(1 — )2 = (3,6),

the remaining derivatives being zero.
With e replaced by e’, (161) becomes the celebrated equations of
Lagrange for the variation of the Kepler elements. Explicitly,
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é=(L4)R,
€=(2,49R,+ (2,5 R,
i=(3,5 R,+ (3,6) Ry,
6= —1(1,4) R, — (2,9 R,
o= —(2,6)R.— (3,5 R,
Q= —(3,6) R,

Q77

It should be noted that a enters R explicitly through r, as well as
implicitly through [ = nt + 4, with n’a® = 4. Therefore,
g= — (1)4) (Ra) - (1, 4) naRat - (2) 4) Re’
(178)
d = (1’ 4) Rﬂ,
where (R,) denotes explicit differentiation. Since n,d = 1,
(179) o+ nt=—(1,4) (R,) — (2,4) R..

The appearance of ¢ outside the trigonometric term can therefore be
avoided if we use, instead of o, the element ¢, defined by

(180) l= f ndt+ o,

Then 6. and (R,) replace ¢ and R, respectively throughout (177).
As a result of this transformation, double quadrature is required to
calculate the perturbation él. Indeed,

ol = f sndt + éa.,
(181) on = — (3n/2a)sa,

da = f (2R, /na)dt,

and hence
(182) ol = — f (3R, /a®)dtdt + éc..

Another form of the Lagrange equations uses the modified Kepler
elements a, e, i, ¢, @, Q, where ¢ is the mean longitude at t = 0, and @
is the longitude of the pericenter,

e=g,tw,

o=+ Q.

(183)
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The effect of this transformation is to replace @ of (174) by

1 0 0
(184) =11 1 0
01 1

The new Poisson brackets that are affected are:
(2,4) = (2,49 +(2,5) = — (1 = )'*[1 ~ (1 — e})V]/na’e,
(185) (3,4) = (3,5) + (3,6) — — tan% i/na’(1 — e

(3,5)" = (3,4),
and (177) becomes
i =(1,4) R,
¢ =(2,4'R.+(2,5R,,
i =(3,4)(R.+R.)+ (3,6) R,,
ée=—1,49R,— (2,49'R,— (3,4)'R,,
w= — (2,5) R, — (3,5)' R,
Q= — (3,6)R..

XII. On the Poisson method. The equations of variation of the
elements are of the form

(187) £ = ®DR = kf(x,t); (k< 1).

The variables x and f are expanded into a Taylor series about the
undisturbed orbit x = x® corresponding to k = 0. We have

(186)

(188) f=fot (Fobx+ 30% - (do-ox + -,
where
(189) sx=x—x9 = kxWV + k2® + ...,

The two expansions are substituted into (187), and the coefficients
of like powers of k are equated, yielding

=0,
(190) 2 = fo,

.x.:(Z) = (fx)Ox(l)a
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Thus we have

2 = const.
f(x?, t)dt,

(191)
ff(x«» t)x dt,

for the perturbations of successive orders.

Consider a problem of two degrees of freedom with R in the form
of a Fourier series in the angle variables w with coefficients func-
tions of the action variables J. Then

(192) R=3 Aj,(d)cosGin + 2nat,

0,-
and x” is of the form
(193)  xP = Byt + 2 B, ,exp[ V(= 1)(jin, + jondt) (Ging + j2ng) TN
The perturbation terms can be classified as follows:

(1) Secular term Byt, Ji=J2=0,
(2) Short-periodic terms, Jin+ jon, = O(kn).
(3) Long-periodic terms, Jiny+ Jan, = O(n),

We observe that (1) only the angle variables have secular perturba-
tions; (2) in the integration of the long-periodic terms there occurs
a reduction of the order by unity; i.e., first-order effects appear in
the expression for x", etc.

In the artificial satellite theory, the long-periodic terms have the
argument 2g = 2(w, — w,), which corresponds to j, + Jj, =0 with

n,—n,= 2p2J2n1(5 cos’i — 1),

(194) _
k = JZ ~ 10 J.

At resonance, i ~ 63°.4, where the classical solution breaks down,
special treatment is required.

XIII. On the Delaunay method. Let the Hamiltonian F be of the

form

(195) F= Y AL, G cosil 1 jg).
0, o
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As in the preceding section, the terms of F are classed as secular
(1 = j = 0), the long-periodic (i =0, j > 0), and the short-periodic
( # 0) terms. Let the corresponding portions of F be denoted by the
bar, the star, and the tilde; i.e.

F = A()(), F* = i Aoj cosjg,
1

(196) -
F=F-F— F*

Delaunay used a succession of canonical transformations to re-
move, one by one, the periodic terms of F. In the limit the new
Hamiltonian F’ becomes purely secular; i.e. a function of L’ and G’
only. Then by Theorem 14, L’ and G’ are constants of the motion,
and l’, g’ are linear functions of the time. With the generating func-
tion S correlating the new and the old variables, the problem is
solved. The feasibility of a single transformation to accomplish the
same purpose was suggested by von Zeipel. It is often conveni-
ent to remove first the terms of short period.

XI1V. On the von Zeipel method. The von Zeipel method (1916)
will be illustrated here by a problem of two degrees of freedom.
Without any loss of generality, we denote the canonical variables of
the system by L, G, [, g, where [ is the “fast” variable appearing in
the short-periodic terms, and g is the “‘slow’’ variable that character-
izes the terms of long period. Furthermore, let the undisturbed
Hamiltonian F, be a function of L only. Then the undisturbed mean
motion n is given by

(197) n= — FOL-
We seek a transformation (L, G,1,g8) — (L’,G’,g,h’) such that the
new Hamiltonian F’ is a function of L’, G’ only. As noted in the
previous section, the problem of motion is solved if we can determine
F’ and the generating function S(L’,G’,1,8).
We write
F =Fot+ Fit Byt o,
(198) Fr=F+F+F+--,
S=LIl+Gg+8+8+5+

where the numerical subscripts denote the order of magnitude with
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respect to the small parameter of the system. The transformation
equations are of the type (59.3), and take the form

L=8=L+8;+8u+ -,

G=S,=G +Su+SH+ -,
V=Sy=1+8u+Sk+-,
g=S¢=8+8Sc+Slke+ -

The old Hamiltonian F is now expanded about L', G’, [, g by means
of the Taylor series:

o~ ~ 1 —~
Fo= [Fo+ For(Su+ Sa) +§ For . S%4)+ -+,
(200) Fl:[F1+F1L§11+Fm(§,g+sl”;)]+...,
F2= [F2]+ DN

Here the expansion is carried out to the second order, and the
bracket is used as the symbol of the substitution L—L’, G—G'.
Since S; = 0, (49) yields F’ = F, and

C+ F{+ Fj4 o=

(199)

(201) - ~
[Fo+ F1+ F2+ ¢2+ FIGSI‘;_ n(Sll+S?l)])

where &, is defined by

(202) @ = Fy Sy + Flcglg +% For S
Separation by orders of magnitude converts (201) into
F6 = [FO] ’
(203) F| = [F, — nSy),

Fj=[F,+ &+ F\¢Si; — ngzt]-

In our problem, the feasibility of the von Zeipel transformation
requires that

(204) Fr=o0.

If this requirement is satisfied, (203) can be separated by type of
term; i.e., the secular, the long, and the short, leading to:
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FO = [F0]1
Fl,=[F1]’ .
(205) 0=[F,—nS,],

Fé = [F2+$2]s
0 =[F#+ &) + F\ieS§),
0=[F+ &+ Flasﬂ—ngﬂ]

Now the six equations (205) determine the six unknowns Fj, F{,
F;, Sl, S, 82 In particular, S is obtained from

S = [ l f Fl dl] )
n
(206) S = — [ f (F3 + Qﬁ*)dg/Fla],
S=[ 1 [ Bt ot Fospar |.
From the canonical equations in the new variables it follows that

L" =const,, U= — (Fi)t+1l(0),
G’ = const.,, g = — (Fg)t+g(0).

(207)

Finally, the generalized Kepler equations (199.3) and (199.4) are
solved for ! and g in terms of the constants L’, G’ and of the linear
functions I, g’ of the time.

The appearance of a small divisor Fi; in the calculation of the
long-periodic terms is clearly seen in (206.2). If this divisor vanishes,
as in the problem of the Critical Inclination in the Artificial Satellite
Theory, it becomes necessary to carry the Taylor expansion to the
next higher term.

Generally, the feasibility of the von Zeipel transformation is as-
sured by the following Poincaré criterion, which is a generalization of
(204): “The order of a periodic term in the Hamiltonian is at least
one more than the order of the time derivative of its trigonometric
argument.”
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Stability and Small Oscillations

about Equilibrium N 67 ]_l} 4 ‘} {'_'

and Periodic Motions v

The general motion in a problem in celestial mechanics may often
by exhibited as an oscillation or combination of oscillations about
one or another of a number of configurations of absolute or relative
equilibrium, or about a periodic motion (which may be one of a series
of periodic motions). The periodic motion may be regarded as a
generalisation of relative equilibrium, and variables may of course
always be found in terms of which it appears as a relative equilibri-
um configuration. The value of periodic motions as intermediate
orbits is illustrated in Hill’s Lunar Theory [ 1] de Sitter’s theory of
the great satellites of Jupiter [2], and in many theories of the mo-
tion of minor planets and satellites involving commensurable or
nearly commensurable periods (for example the Trojan group).!

Poincaré’s treatment of periodic motions in general, and his ap-
plication of it to the general motion problem of three bodies, leading
to the proof of the existence of periodic solutions of three sorts in
that problem, was the subject of lectures at the July, 1960, Summer
Institute.” The first part of the present chapter deals with the

1Gee e.g. E. W. Brown, Astronom. J. 35(1923), 69. Yale Trans. 3(1923), Parts 1 and
3; D. Brouwer, Yale Trans. 6 (1933), Part 7; W. M. Smart, Mem. Roy. Astronom.
SoZC. 62(1918), 79; and H. Hertz, Astronom. J. 50 (1946), 121.

See §§1, 2 and 3 of the notes on Periodic orbits for the July 1960 Summer Institute
in Dynamical Astronomy at Yale University, McDonnell Aircraft Corp., St. Louis,
Missouri, 1961.
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application of Poincaré’s procedure to the main problem of the
Lunar Theory, and the second part to an investigation of motion in
the vicinity of a periodic solution or equilibrium configuration, using
the equations of linear variation.
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FiGure 1. Coordinates for Sun, Earth, Moon System

I. Application of Poincaré’s procedure to the lunar theory.

a. Description of problem. The “Main Problem” of the moon’s
motion is an idealisation in which we suppose the Sun, S, and the
Earth, E, to revolve about their common centre of mass G with
angular velocity n’, and suppose the mass of the Moon, M to be so
small that its effect on the motion of the other two bodies is negligi-
ble. Then (see Figure 1) if r, rs and rz are the position vectors of
M, S and E respectively, referred to G, in a frame which is rotating

with angular velocity n’, the equation of motion of the Moon may be
written

(L) #+2wxedwx @ xy= - Tz Gnleord
p

where mg, my are the masses of the Sun and Earth respectively, G
is the constant of gravitation, and

p= |l'-' l'[.;l = EM,
A= |r—rg| =SM.
We now use the position vector of the Moon relative to the Earth,

p = r — rg. At the same time put 4 = Gmy and note that if a’ is the
radius of the Earth’s orbit about the Sun (SE), then

Gmg = n'*a’®



STABILITY AND SMALL OSCILLATIONS 79

very closely. Equation (I.1) then becomes

12,73 ’
(1.2 5+ 20 X5+ 00 -p) — 1’2 (rp+p) = — ‘;—2’— '“'iﬁ‘;“'),

where a’ = rg — rs = SE = rz very closely. Now
A’ = (8" + p)?
=a’’42a" -p+p’

]

1 1 3a’ -p 1 o?
wow ot tm0(5),

>

and so equation (I.2) becomes, collecting terms, writing a’ for IE,
and neglecting p* in comparison with a’?,

12007

(L.3) ii+2n’><h+n’(n’-p)=—%+3n—(:,—+—p)-

(The latter approximation is equivalent to taking the limit as the
Sun’s distance (a’) tends to infinity while the mass also tends to
infinity in such a way that the angular speed (n’) of the Earth about
it remains constant.) Taking a system of axes with E as origin, axis
of ¢ in the direction of SE, axis of n in the plane of the Earth’s
motion, and axis of { completing the right handed orthogonal set,
we have

n’ = (0,0,n"), a’'=(a’,0,0), p= (¢,

and so the equation (1.3) becomes

£—onh—8ntg = —HE

p
(1.4) i+ 2nE = —‘;—’3’,
¢+ n'tr= —"—g.

p

b. The circular solution, and motion in its vicinity. In the absence
of the Sun, the last term of (1.2) does not appear, and also G coin-
cides with E, so that ry = 0. The equations are then
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E.._ 2n’1'} - n/2£ - - Z’_ﬁ_,
(1.5) i+on'E —n'ty=— ‘;_’;
F+nti=— ';—f:
which have the periodic solution
(I1.6) £ = acosut, n = asint, t=0

where a is a constant and (v + n’)%a® = u. This represents an undis-
turbed circular motion, in the plane of the Earth’s orbit. We will
study possible motions in the vicinity of this circular orbit, in its
plane, in the presence of the Sun under the conditions of equations
(1.3) and (1.4). So we put

(1.7) £ = a cosvt + 8¢, n = a sin vt + 67, =0.

Then p®= £+ n° = a* + 2a(cos vtd¢ + sinvtén) + O(5¢%, én%) and
equations (I1.4) become, putting (with i = ( — 1) V%)

w = §&(xi) + ion, z = exp iut,

(1.8) W+ 2in"w—n"tw — % (n’ 4+ v)* (w + 32°W)

= % nta(z + 3271 + Ow?).

In order to seek a complementary function, we try

w=Az"+ Bz*"°,
where A, B and « are constants to be determined. Substitution into
(1.8) leads to

(av + n’)2+ 15 v+ n’)z} Az — % v+ n’)ZZzz’ “

(% — av + n') 4 % v+ n’)z} B2 *

‘

(v+ n’)* Bz = 0.

[\-RReV] st ——
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The coefficients of z* and 2>~ must each vanish, and if A and B are
not both zero,

(e + 1) 3 G )7, %o+mv

-3é(u+n/)2, (2u—av—}-n')z+% (y—+—n’)2
or

(1.9) (@ — 1)*(a+p)a—2—p) =0,
where p=n'/v.
Corresponding to the root « = — p we have B= — 4/3, so that if
A = P+1Q, P and @ being real disposable constants,
(1.10) w= (P+iQz" — % (P — iQ2,

and « = 2 + p leads to nothing new.
Corresponding to the double root « =1 we try

w= (C+ inEt)z,
which leads to

[—gu+mww+6y—m@+mm

_ g (v + n)2in(E — E)t:lz= 0

so that E must be real, and equal to — 3(1 + p)(C + C)/4. So if
C= R+ 1S, R and S being real disposable constants,

E=-Sa+pkF,
and the corresponding part of the complementary function is
(I.11) w=<R+iS- g—in(l +p)Rt> 2.
For a particular solution we try

w=A"z"'4+ B2+ (C’ + intE")z,
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which leads to

A= 3m?a(3p® 4 14p + 19)
(1.12) 16(p+3)(p—-1

= b_,, say, where m = n’/v,

— 9m*a(p + 1)*

B =
16(p +3)(p — 1)
(1.13)
= bs, say,
2
Er= = m‘a
41+ p)
(I1.14)
= cl: Say:

and we may take C’ = 0.
So the complete solution of the equation (I.8) is

w=(P+iQz" — é(P— Q)2+
(1.15)
+{r+is+ E ~da R t)z bt b

c. The search for a periodic solution. Suppose that at t = 0 we have
w =g+ ifrand w = B3+ 1B,,
which corresponds to the general set of initial conditions

(1.16) t=a+pB, n="0, £E=0, n=0r+fe

This corresponds to

2
51=§P+R+b—1+ba,
4
/32=§Q+S,
2
Bs=—3 (1 —p)Q—»S,

and
64 = - % (1 + 2P)VP - %(1 + 3p)VR + vy — Vb_l + 3vb3.




STABILITY AND SMALL OSCILLATIONS 83

Solving for the disposable constants,

P=- 32((1113;) B = (1fp)»’94’
Q= 2(1ip) Bt 2(13—p)v Bs
R-2E 2y 2,
and
- (11;11;) P = (lfp)vﬂa’

Whel‘e 6{ = 31 — b_l - b3 and ﬁ‘; = 64 — ¥Cy + Vb_l — 3Vb3.
Suppose now that at ¢t = 2x/v 4+ 7 we have

w= 0+ ¢+ (B + ¥»)

and

W= B3+ ¥3+ (Bs+ ¥4).

There is a relation between the y;, which arises from Jacobi’s integral

3

(117 —;— (244 — :—f + 2 n’%t? = constant.

Substituting the expression (1.7) gives

% (a®v® — 2av sin vtdt + 2av cos vtdr)

- g + Z—Z(cos vtot -+ sin vtdr)

+ g— n’%(a® + 2a cos vtst)

+ O(s£%, 5n%) = constant,
and consideration of the values at t = 0 and ¢ = 2x/» + 7 shows that
av sinvrys + av cos vy, + (v + n’)?a(cos v + sinvrygsy)

+ 3n’%a cosvry; = 0.
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Therefore it is sufficient, in order to establish a periodic orbit, to
satisfy

(I1.18) Vhi=vYa=y3=0,

since ¢, = 0 is then assured. We may then take 8, and 7 both to be
zero, leaving B, 83 and g, to be determined. The equations to be
solved are then

A =§ (cos 2xp — 1)P+§sin27rp -Q=0,

3
Yo = —%sin27rp . P+ %(cos21rp - 1)@+ Zw[cl - 5(1 +p)R]

=0,
and

¢3=%u(1 _p)sin2«p. P — guu — p)(cos2xp — 1)Q

— 2 l:cl—g(l —{—p)R:l:O,

which lead to

2c
P = = O, d R - —;7
q an 30 +p)
which in turn require that
, 2¢ (1+ 3p)cy
=0, 8=—2L_ fm= - s
=0 8=3a7,y 4 A 30 + p)

Then S = 0, and so the appropriate solution is (using p = m)

2¢,

- -1 3
w 304 7) z2+b_ 27 4 by
(1.19) 1 19 3
- _ = 2, 19 2, -1 o 2.3 3
= 6amz 16amz +16amz+0(m).

The Jacobian determinant, which must not vanish if the expression
for the 8; appropriate to the periodic orbit are to be obtained as
power series in m by the method indicated by Poincaré, is

(Y1, Yo, \03)) _6r .
<m r=8;=0 n (1 COS21rp),
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Correct to m?, the expressions for the coordinates are, then,

t=a <1 — % m2> cosvt+ %am2c0s3ut,

(1.20)
n=a <1 +% m2> sinvt + %amzsini’wt.

This orbit crosses the axis of ¢ at right angles, and is symmetric
about it. It is, in fact, the intermediary orbit used by Hill in his
Lunar Theory [1].

I1. The equations of linear variation.

a. General formulation. Suppose a dynamical system is described
by means of variables x,, x5, ---, %, which satisfy equations of the
type

dx

(II~1) d—t‘ =Xi(x19x2,"';xn) (i= 1y25"')n)

which possess a periodic solution given by

(1102) X = d)l(t) (i = 1: 27 M n)
which has period T. Then for motion in the vicinity of this solution
(IL.3) S=ol) +& (=120

where the ¢ are small. Substitution in (I1.1) gives

df,’ _ Z 6X, .. . 2
(11.4) 5 —;a—& (6:1(1), d2(), - --, 0s(1)) £+ O(£%)

or, to first order in the ¢,

dg; “ .
(I1.5) dit = Z A;) & (i=1,2,---,n)

j=1
where A;(t) = (3.X./38) (6:1(t), d2(t), - - -, pn(t)). These are called the
“equations of linear variation.” ’
Now if £V (), £2 (t),---,£™ (¢) are a linearly independent set of
solutions of the equations (I1.5), any solution may be written in the
form

n

(11.6) g() = 2. BYED (1) (i=1,2,---,n)

Jj=1
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where the BY are appropriate constants. Now the ¢;(f) have period
T, and therefore so does A;;(t). So if & = £*(t) is a solution of (IL.5),
so alsois & = ¢*(T +1¢). In particular so is ¢ = £ (T + t) which may
therefore be written, as in (I1.6),

(IL7)  2(T+8H=3 Bi%P @  (i=1,2---n)
k=1

for appropriate BY"¥,
We now seek a solution £;(¢) which has the property that

(I1.8) (T +t) = Mi(D) (i=1,2,-.-,n), for all t.

If £,(¢) is written in the form

EO =Y BUO®  (=1,2-n)

Jj=1

then this requires that

J

BY (T +t) =13 BY:0 (1) (i=12...,n)
=1 j=1

or, using (I1.7), that

> Y BOBUALN () =AY B () (i=1,2,---,n).
J=1

J=1 k=1

The ¢ (t) are a linearly independent set, and so we must have

S B®B®) —\BY  (j=1,2,...,n).

k=1

Thus X must be an eigenvalue of the matrix B*? that is a solution
of the equation

(1,1 (1,2) 1,n)
B%Y —\, B , -+, BU»
B , B2 _ A, -ee, B@n

(11.9)

B(n,l) , B‘n,Z) , e, B(n,n)_>\

and (B, B®, ..., B™) is a corresponding eigenvector.
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If A is such an eigenvalue, then the value of « satisfying
(I1.10) A= exp (aT)

and whose imaginary part, /(a), is in the range — /T = Aa)
< /T, is called a “characteristic exponent” of the solution (I1.2).

If the n solutions of the equation (I1.9) are different, then the n
corresponding eigenvalues are linearly independent, and the n cor-
responding solutions £; = £(t) are linearly independent, and so form a
complete set. So if the eigenvalues are A”,A®, ... A"  the corre-
sponding characteristic exponents are a”, «®, ...,a™, and the cor-
responding solutions are £ (t), £ (1), ---,£™(t) respectively, then
any solution may be written in the form

(IL.11) 0 =2 GEY @) (=120
k=1

where the C, are constants to be determined. Since £W (t) satisfies
(I1.8) if the corresponding characteristic exponent is «®, we have,
in view of (11.10), the result that the function

(IL.12) xP(t) =exp(— a®) P 1)

fori=1,2,-.-,n, is periodic with period T. Therefore the general
solution (I1.11) of the equations (II.5) may be written in the form

(IL13)  &(t) = 3 Crexp (a®)x (2) t=12,..-,n)
k=1

where the x® (t) are periodic functions with the period T of the
solution (I1.2).

If two or more of the solutions of equation (I1.9) are equal, then
the form (I11.13) does not usually give the general solution of the
equations (I1.5). Suppose the two of the solutions are equal, so that
there are n — 1 distinct eigenvalues, AV, A®, ..., A"V, correspond-
ing to which there are n — 1 linearly independent solutions,
V@), 2 @), -, £7 7V (1), respectively, of (I1.5). These do not form
a complete set, so we can find a solution, say £*(t), which is not a
linear combination of them. Now the set £ (¢), {2 (t), ---, £V (1),
£X(t) are linearly independent, n in number, and so form a complete
set, and so the solution £*(T + t) may be written in terms of them as

n-1
(11.14) T+ = D bt® (1) + bte*(b).
k=1
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Now consider the solution

n—1

(11.15) D () = 3 P (1) + e tF (),

k=1

where the constants ¢y, ¢,, - - -, ¢, are still to be determined. We have,
since the solutions £ (2), - - -, £" Y (¢) satisfy (I1.8), and from (IL.14),

n-1 n-1
EN(T+t) =2 AP () + cn{ > b g® (8) + bat (t)}
k=1 k=1

n—1 n-1
=3 @A? +c,b) EP (1) + b, {é.-‘ M) — > kP () } ,
k=1

k=1

(using (I1.15) again), i.e.,

n—1
(I1.16) £ (T4 t) = 3 {ce® — b,) + e, by JEP (8) + ba&” (D).
k=1

Suppose, if possible, that b, is different from all of the A#®. Then we
may choose ¢, = ¢,/ (b, — A\?) (k=1,2,...,n — 1), and (I1.16) be-
comes

EM (T 4 t) = b ™ (1),

showing that £™ (¢) satisfies (I1.8), and A = b, must be a solution of
equation (I1.9), contradicting the assumption that b, is different
from all of the roots of that equation. Therefore b, must equal one
of \* and by appropriate enumeration of the latter we may take

b, = A"V,

Also we may take ¢, = ¢, b,/(A\"* " —A¥®), k=1,2,...,n — 2, and
(I1.16) becomes

(I1.17) EV (T4 8) = cabu 1 £770 (1) + X" V6 (1),
Now if b,_; = 0, the functions
X" (t) = exp (— " V1) £7 (1)

have period T, and the general solution has the form (I1.13), as in
the case where all the A® are different, except that now a™ = o~ ".
If on the other hand b,_, = 0, we put ¢, = 1/b,_,, and the function

t ~n—
@0 = exp (=00 {00 - o £ o)
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is periodic with the period T. The general solution of the equations
(I1.5) now has the form?®

n—1

£(t) =Y Crexp (a®t) x (1)
k=1

t o
(1118) + Cn exp (a(n—l) t) {x}n) (t)+ T>‘(rt——1) Xi( 1) (t) }

(i: 1y2""’n)-

In the case of a greater multiplicity of roots of (I1.9), suppose the
root \“ is repeated p 41 times, then we shall find that the corre-
sponding contribution to the general solution is

exp (a"“t) [Csx.‘” ) + Corrx® @) + -+ 4+ Cix2(t)

t
+ Conn {0 O + i x0 0)

+ Coro { XD 0) 4 L 1 0

(I11.19) i

+ CH,,{X,*”P) ) + 7,% XS (E) 4

+

tt—"T@¢—-2T)..-(t—rT) @ (¢)
(r+ 1), (T)\(s))r+1 X }:I

where the functions x (t) have period T, and ¢ is some number
which will lie in the range s=q¢=s+p, and r=s+p—q— 1.

b. The case of constant coefficients. If we are investigating motion
in the vicinity of a configuration of equilibrium, then the quantities
¢i(t) of (I1.2) are constants, and so the coefficients A in the equa-
tions (IL.5) are also constants.

Suppose that the eigenvalues of the matrix (A;), that is, the roots
x=x" 2% ... 2™ of the equation

The proof previously given for this result does not cover all cases. I am grateful
to Dr. Barrar for casting doubt on it.
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Au - X, A12 s s Aln
Ay ,Ap—x,---, Ay
(11.20) ) ) ) =0,
Anl ) An2 ; , AM — X

are different. Then corresponding to each x we can find an eigen-
vector (py;, Py, - -+, Pr) such that

(II-21) Z Aikpkj = xU)pij (ly.] = 1) 2) b ')n)-
k=1

Then the n eigenvectors are linearly independent, and the matrix
(py) is consequently nonsingular. If (p;) is its inverse matrix, define
new variables n,, 79, - -+, 1, by

(I1.22) n,-=2p.~jfj t=1,2,...,n).

j=1

Then they satisfy the equations, using (I1.5),

ﬁ: Zp dﬁ
d &Y dt
n n
=2 > DAk
j=1 k=1
= DiiApPumn,
im1lk—1i=1

using the converse of (I1.22). Then (11.21) shows that

dn n s .
d—l = Z Z pijpjlx“) m
Ut

(I1.23) _
=x(‘)7],' (i=1,2,“',n).

This has the solution

(11'24) nl(t) = 7):(0) exp (x(i) t) (l = 1’ 27 ‘. ')n)v

and therefore the solution of (I1.5) is given in the case by
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(I1.25)  &(t) = >_ pyn;(0) exp (xV)  (i=1,2,---,n).
j=1

The eigenvalues x? of (A;) are therefore to be identified with the
characteristic exponents, and the periodic functions x (¢) are re-
placed by the constants p;;.

c. The equation satisfied by the characteristic exponents. In Poincaré’s
notation [3, §§37-39, 11, 40, 42, 43 and 46-48], we have

:(0) = B .
(11.26) andg( ) 5 } (lz 1,2,"',”),
&(T) = B+ ¥
and, since the y; are zero when the 8; are, we may put
n 9 ;
(11.27) vi= 2 < ¢ ) B+ (8D,
k=1 aﬂk ]

for a sufficiently small range of the §;, where the suffix ““0’’ indicates
that the 8; have been put equal to zero. But if « is a characteristic
exponent we know that the equations (II.5) have a solution of the
form

(11.28) &i(8) = e exp (at) xi () (t=1,2,.--,n),

where ¢ is a constant and the functions x; have period T. Making use
of the relations (11.26),

Bi = exi(0) and
(IL.29)  B;+ ¥i = e exp (aT)xi(T)
= e exp (aT)xi(0) t=1,2,..-,n).
Therefore the equation (I1.27) may be written
dexp (@l) — 1}x(0) =3 (ggﬁ

k=1

%m@+m&

so that, dividing by ¢ and letting ¢ tend to zero,

A .

(I130) fexp D)~ 1}x(0) = T (32) 5@  (i=1,2,-m).
k=1 \9Br/ o

Since the x;(0) are not all zero, the quantity x = exp (aT) — 1 must

be an eigenvalue of the matrix (8y;/38)0, that is, a solution of the
equation
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), -= G, ()
aﬁl 0 ’ 662 ) ’ ’ aﬁn 0
G, G, = (3
461/ o’ 362/ o 7 36,/ o
(11.31) ' ' '
<a¢n> <6wn> <a¢n> _
aﬂl 0’ 662 0 ’ ’ aﬂn 0
or

det ‘ <%>0 — xéij = 0,

| \as;

P. J. MESSAGE

where 6; =0if i = j, and 1 if i = J. If the characteristic exponents are
different they are all given by the n roots of this equation.

d. Some properties of the characteristic exponents. If the equations
of motion (I1.1) are real, then real values of the 8; lead to real values
of the y¢;, so that the (dy;/d8:), are real, and if a root of equation
(I1.31) is complex, its complex conjugate is also a root. Therefore if a
characteristic exponent is complex, its conjugate is also a character-

istic exponent.

If the variables ¢; are subjected to a linear transformation

(11.32) =2 Ty®g (=12---,n)
j=1

where the T;(¢) have period T, then if

7)1(0) =ﬁl/y and ﬂ:(T) =ﬁl’+v/l’ (i=1,2,"'

we have
8l = 2 Ty(0) 5
j=t

and

B+ i = D Ty(T)B:i+ ¢) (i=1,2,-.
=1

so that

-, n)
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(11.33) ¥= 2 Ty(0y (=1,2--,n)
j=1

and

(I1.34) B = Z Tij(o) B/ i=12,---,n)
j=1

where (T,-,-) is the inverse matrix to (T};). The equation satisfied
by the quantity x” = exp (o’ T) — 1, where o’ is a characteristic expo-
nent derived from the equations for dy;/dt, is

! > ,
— X 61.4
<66j/ 0 !

But, using (I1.33) and (I1.34),

(), - £ (),

aB; aBy

(I1.35) det =0.

_z T4(0) z ("’"“) T, (0),

and since
d= 2 Tu(0)éy le(O),
k=1
equation (11.35) may be written

det| T(0)| - det <a"”> — 2’8y |-det |T;(0)| =0,

a6
or
4z
11.36 det <——> — x| =0,
( ) € 361/ o Rl
since

det|T,~,—| =1 + det |TU|

The equation (I1.36) is the same as the equation (11.31) whose roots
are the quantities x derived from the characteristic exponents arising
from the ¢;, which are therefore identical with those arising from the
;. Therefore the characteristic exponents are unaltered when a linear
transformation of the type (I1.32) is applied to the variables ¢,
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If the variables x; of the equations (I1.1) are subjected to a general
transformation

(I1.37) yi=filx, %y %) (i=1,2,--4,n)

then the periodic solution (I1.2) is described by the values y;
= fi{er1(t), ¢2(t), - -, ¢a(2) } i=1,2,--.,n) of the y. The equations
of linear variation for the y; are obtained by putting

Vo= fon®), - on® ) 4 m (= 1,2,--,m)

corresponding, to first order in the »;, to the motion described by
(I1.3), namely

xi=¢i(t)+£i (i=1;27"'7n)9

so that
n 9 A
(11.38) > f

}‘=1 axj

{¢l(t)9 Tty ¢n(t) }Ej'

The coefficients in this last equation have the period T of the peri-
odic solution (I1.2), and so this transformation is of the type (I1.32),
and leaves the characteristic exponents unaltered. Therefore the
characteristic exponents associated with a given periodic solution of
a dynamical problem are independent of the variables used.
Suppose the equations (11.1) possess an integral of the form

(I1.39) F(x,, xq, -+ +,%,) = C.
Then in the motion (I1.3) we must have

F(¢1+Bl”";¢n+ﬂn) = F(¢1+61+Wl”"s¢n+ﬁn+Wn)y

and so, differentiating with respect to 8;,

o oF ay; .

;a—x‘a—ﬂ]—o (]—1,2,'--,n).
Thus there is a linear relation between the columns of the matrix
unless the solution (11.2) corresponds to a stationary value of F
with respect to all the x;, and so equation (11.31) has a zero root,
and there is a zero characteristic exponent. It can be shown that
there is a zero characteristic exponent corresponding to each inde-
pendent integral of the type (11.39) {3, §65]. This result is true even
if the functions X; of the equations (II.1) depend explicitly on the
time (with respect to which they must then of course have the period
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T, if the solution (I1.2) is to be possible).
If the functions X; do not depend explicitly on the time, then a
solution near to (I1.2) is

xi=¢i(t+ 5t) (i=1:2a"'7n)’

where 6t is an increment in the time. This corresponds to the solu-
tion
(11.40) gi=fi-‘3"at (i=12,-.-,n)
dt

of the equations of linear variation. This solution has period T, and
so corresponds to a zero characteristic exponent, which must exist
even in the absence of integrals of the type (I1.39), and may be
shown to be additional to the zero exponents arising from such
integrals [ 3, §§66 and 67].

Again, if the solution (I1.2) is a member of a one parameter fam-
ily of such solutions, all of the same period,

xi=¢i(01t) (i=1:2""’n)
then another solution is
xi=¢i(0+60,t) (i=1’27"'9n)

corresponding to

(11.41) =25 (i=1,2,---,n),
do
which is independent of (I1.40), and therefore corresponds to
another zero characteristic exponent.
e. The case of a canonical system. Consider now a dynamical system
whose equations of motion may be put in the canonical form

(11.42) dx;, _ 0H dy: _ _ oH (i=1,2,.--,n)

dt  ay;’ dt ax; -

where H is a function of the variables x,,y1; Xz, y2; -+ +; % Ya, Of the
problem. The variables may be arranged in conjugate pairs. Let

(11'43) Xi = d)t(t), Yi= ¢n+i(t) (l = 1721 b '1"’)

be a periodic solution, the functions ¢;(tf) having period T. Then the
equations of linear variation are obtained by putting
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(11.44) x; = #:i(t) + &, Yi= ¢py1(t) +mi (i=1,2,---,n)

and retaining only the first order in £ and #;, which gives

ds; " ( o*H a*H
@t = = an oyt a<a-""} :

(11.45) = Loxjoy: Yioyi ) =19, ..,n)
dn;

o 9*H 0*H
a Z { &+ Uj}
j=1 '

ax; 0x; dy; dx;

the second derivatives of H being evaluated by use of the expressions
(I1.43). Then if (&,7;) and (¢,n/) are two solutions of these equa-
tions we may easily verify that

Z (Finf — £l mi)

is constant.
If « and o’ are two characteristic exponents of the solution then
corresponding to them there exist solutions of the equations given by

& = exp (at) x; (2) )
(i=1,2,..-,n)

7 = exp (at) xa4i (t)

& =exp(a’t) x/ ()

n/ = exp (a’t) xn4i (£

and

where the functions x;(t) and x/(t) either have period T, or are
finite polynomials in ¢ with coefficients which have period T, as we
have seen in §11a. Then the quantity

exp (e + a’) 2 Axi®xnii () — x/ O xnsi ()}
i=1

is constant, and so either « = — a’, or the constant is zero. That
(a + a’) could be equal to an integral nonzero multiple of 27t/ T is
excluded since the a are chosen to have imaginary parts in the range
—x/Tto +=/T, and if « = o’ = #i/ T, then one of them may be
taken equal to — =i/ T without altering the results of §I1a, and then
we have a = — o'.

Suppose now that g of the characteristic exponents have the same
value a. Then there are ¢ linearly independent solutions corre-
sponding to them, say

= exp(at) x" (1),  ni" = exp(at) x}: (D),
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where r takes the values 1,2,...,9. Consider now those solutions
(&, n;) for which

(11.46) S & —Pq9) =0,
=1

forr=1,2,--.,¢ — 1 and q. There are q such relations, and so we
may use them to reduce the system of 2n equations (11.45) by elim-
ination to a system of degree 2n — ¢, which therefore has 2n — ¢
linearly independent solutions. But the system (I1.45) has 2r inde-
pendent solutions altogether, and so therefore g of these have

D @ — &) =0
-1

for some r, and therefore there are ¢ independent solutions cor-
responding to a characteristic exponent o’ = —a, so that ¢ of the
exponents have that value. Therefore, in a canonical system, to each
characteristic exponent there corresponds an exponent equal in mag-
nitude but opposite in sign.

f. The stability of an equilibrium configuration or periodic motion. A
formal definition of the stability of a configuration was given by
Liapounov [4], who called a configuration ‘“stable” if, given any
open neighborhood of phase space containing the configuration, then
we can find another open neighborhood such that all motions origin-
ating within the second neighborhood always remain within the first
one subsequently. Thus we may call the solution (II.2), namely

xi=¢:(t) (=12,---,n)

of the equations (I1.1) stable if, given any positive number ¢, we can
find another positive number 6 (in general depending on ¢) such that,
for any motion x; = x;(t) satisfying

2 |xilte) — dilte) | <o
i1

for some time ¢;, we have

n

Do xt) — (D] <e

i=1
at all times ¢ after t,.
If the equations of linear variation described the equations of mo-
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tion of the displaced motions (I1.3) exactly, then their solution
(I1.13), (I1.18) or (11.19) shows that the condition for stability is
satisfied if all the characteristic exponents have negative real parts,
or if they all have negative or zero real parts, those with zero real
parts being distinct. If one at least has negative real part, and the
others have zero real part, the displaced motion will in general tend
asymptotically towards the solution (I1.2) as the time tends to infin-
ity. In this case the solution (II.2) is said to be “asymptotically
stable”. In the case of dynamical systems whose equations may be
written in the canonical form (11.42), which is the case if the system
is holonomic and the forces are conservative, which therefore applies
in the case of the motion of celestial bodies under gravitational
forces, we have seen that the characteristic exponents occur in pairs
with opposite sign. Thus in this case, for stability, they must all be
pure imaginary or zero, and different. Then the general solution of
the equations of linear variation is a sum of sines and cosines of the
time, and the definition of stability is satisfied.

In most cases, or course, the exact equations of motion of the
displaced motion will have terms of higher degree in the & than the
first, and the effect of these terms must be considered. Liapounov
[ 4] showed that they cannot alter the fact that a solution which is
shown by the equations of linear variation to be asymptotically sta-
ble is in fact asymptotically stable. Where all the exponents have
zero real parts, and are distinct, however, these higher terms may
prevent the foregoing formal definition of stability from being satis-
fied. Birkhoff [5, Chapter IV] showed that, in this case, neverthe-
less, if s is any integer greater than unity, there exists a finite number
K, such that, given any positive number ¢ (not larger than some
definite quantity), then in all motions satisfying

2 |xilto) —9ilto) | <

we have

n

2 |xi(®) — ()| <2

i=1
for all times satisfying |t — | < (1/K,¢*), thus placing definite
bounds on the rate at which the displaced motion departs from the
solution (I1.2).
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In the case of periodic solutions, the above definition of stability
is rarely satisfied even in the equations of linear variation; for exam-
ple, in a one-parameter family of periodic solutions, the period usual-
ly varies with the parameter, and so in a disturbed motion whose
initial conditions place it on a neighboring periodic solution to the
original one, the point in phase space representing the motion is
carried steadily further away from the corresponding point in the
original motion, because of the progressive increase of the difference
in phase, although the paths may always lie close together. The
longitude of a planet or satellite may depart linearly from the cor-
responding value in the original motion, because of a small change in
the mean motion arising from a small constant change in the major
axis, without this constituting what we would wish to call an in-
stability in the original motion. This shows itself in the term linear
in time arising in the solution of the equations of linear variation
when two of the characteristic exponents have equal values. We have
seen that a periodic solution will usually have a number of zero
characteristic exponents, which will usually give rise to such terms.
We are therefore led to define the solution (I1.2) as ““orbitally
stable” if any displaced motion, originating within an appropriate
distance in phase space of some point in the original motion, has no
point which is further than assigned distance from all points of the
original path. Each case must be examined on its merits, to discover
whether the powers of time arising in the solution of the equations
of linear variation are allowable in this sense.
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Lectures

on Regularization

I. Existence and uniqueness theorems of ordinary differential equa-
tions. a. Single Equation. Consider the first order differential equa-
tion

dx
(I.1) T f(t, x)

where f is a real-valued function of the real variables ¢, x. Let (¢, x,)
be a particular pair of values assigned to the variables (¢, x).
Picarp-LINDELOF THEOREM. HYPOTHESIS: 1. f(t, x) continuous in
R:|t — to| a,jx — xo| < b;

2. |f(t,x)| < A (constant) in R;

X

R

M (to’ xO)

t
F1Gure 1. Domain for Solving (1.1)

100
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3. |f(t,x) — ft,x)| S M|x,— x| in R, M= constant.

CoNcLuUsION: There exists a unique function ¢(t), defined for all
values of t in S: |t — ty| < h = min(a,b/A), such that x = ¢(t) satis-
fies (1.1) and the initial condition, ¢(t)) = x,.

Note. Condition 3 of the Hypothesis is called a Lipschitz condition.

This is a fundamental existence and uniqueness theorem in the
theory of ordinary differential equations. Proofs of this theorem and
others are found in standard texts on differential equations, such as
[1], (2], [3], [4], [5], [6], and [7].

One method of proof, known as the Method of Successive Approxi-
mations, follows the Picard method of solution of the integral
equation

x(t) = 2o+ ﬁo fir,x(x)}dr,

whose solution satisfies (I.1) and reduces to x, when t = t,. Picard
proved that in the interval S the sequence of functions

xV () = xo+ J:O fir, %0} dr,

(L2) 2@(t) = xo+ ]:0 flr, () }dr,

x®(t) = xo+ j:o flr,x* V() }dr,

converges to the desired solution.

The existence of the constant A in Condition 2 of the Hypothesis
follows from Condition 1. Actually, however, the continuity of f(¢, x)
is not necessary for the existence of a solution. Ince points out
(see [1, p. 66]) that Mie has shown that solutions exist when f(¢, x)
is continuous in x and Riemann-integrable in ¢. The Lipschitz condi-
tion is required to prove uniqueness. The significant point of this
theorem is the narrow interval, S, of convergence that it guarantees.
The solution may converge throughout a larger interval, but no gen-
eral method of determining the exact boundaries of the interval of
convergence has yet been discovered (see [ 1]). We say therefore that
solutions of (I.1) hold in the ‘“small,” in general.
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O*h the other hand, if (I.1) is a linear differential equation, the
interval, S; of convergence of the solution is the interval of continui-
ty of the coefficients. Specifically, if f(¢,x) = ax + b, where a,b are
continuous functions of ¢ in the interval I = [¢,,¢,], then the solution
exists and is unique in I (see [1], [6]). Thus in the case of linear
differential equations we say the solutions hold in the “large.”

b. System of First-Order Equations. Consider now the system of
first-order equations

d

det_l = fl(t:xlyx% ""xn),
(1.3) e

dx,

T falt, x1, X3, - -+, %)

The extension of the Picard-Lindel6f Theorem to this system is
stated as follows:

Hyrotuesis: 1. Each f;, i = 1,2, ---,n, is continuous in its argu-
mentsin R: |t —to] <a, |x, — 28| S by, -+, |xs — x| = bn.

2. |fitt,xy,--,x)| <A in R, i=1,2,---,n.

3.1t Xy, -+, Xa) — filt,xy, - x0) |

<K|X,— x|+ -+ Ki|Xn—x,] in Ri=12,..-,n

ConcLusioN: There exists a unique set of functions ¢;(t) defined for
all values of t in S: |t — t)| <h = min(a, b,/A,by/A, ---,b./A), such
that x; = ¢;(t) satisfies (1.3) and the initial conditions, ¢(t;) = x!.

The solutions are obtained by the recursion formula
x(0) = 2+ f flr, 2t (@), 20 (@) ]
o

1=1,2,--4,n,

(I.4)

in extension of (I.2).

Again, if (1.3) is a system of linear differential equations, i.e., if
fi=anx,+ - +Qux,+ b, 1=1,---,n, where the coefficients
@i, -+ +,0i, and b; are continuous functions of ¢ in the interval I =
[t,,t2], then the set of solutions exists and is unique in I, and we say
the solutions hold in the “large.”

c. Equations of Order Greater than One. Finally, since the differen-
tial equation of order p,
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dPx ( dx d""x)
(1.5) F—-f t’x’ﬂ’”"_dﬁ
is equivalent to the set of p equations of the first order
dy,
dt = Yo
dy,
dt - y39
(IB) e
dyp_,
a P
dy,

_d_;_ = f(t:ylyst " "yp)

where we define

dx dr'x
YVi=X, Y= aa "'!yp= W__l’

it follows that if f is continuous and satisfies a Lipschitz condition
in a domain R of dimension p, the equation (1.5) admits in a domain
S a unique solution which, together with its first p — 1 derivatives,
will assume an arbitrary set of initial conditions for the initial
value ¢t = ¢,.

In the case of a linear differential equation of order p > 1,

dPix
di?1

+ a,(t)x = b(?),

the equivalent set of p equations of the first order is

dr d
ao(t) gt;" +ay, () H oot ap(®) ¢_th£

(L7

dyl _ dyp~1 _
dt =Yz, dt _yp9

.......................

dy, _ b(t) _ ay(®) ap®)  __ al)

dt T a)  a® ' Tat) ao(?)

It follows that if ay(¢), a,(t),---,a,(t) and b(¢) are continuous

Yp-
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functions of ¢t in I = [t,t,], and ay(t) # 0 in I, then equation (I1.7)
admits of a unique solution in I which, together with its first p — 1
derivatives, assumes the assigned initial conditions for the initial
value tyin I (see [1], [6]).

d. Analytic Differential Equations. A large class of physical prob-
lems are governed by equations of the form (I.1) where f(t, x) is
analytic in its arguments ¢t and x in a region R: |t—&| =aq,
|x — x| < b, including the initial values of the variables. By this is
meant f(¢, x) has continuous partial derivatives of all orders and is
uniquely expansible in a power series in (t —t,) and (x — xo) which
converges for all values of x and ¢t in R. The power series is the
Taylor series

£(t, %) = it x0) + <%>,0 G <%>«, (t - t)

N 21_'{ (%;C.f)w -tz a‘id’;)M (x — %)t — to)

+ <%>«].m (t - to)z} + -

The Cauchy Existence Theorem applies to these analytic differential
equations. It states (see |5]):

If f(t, x) is analytic in its arguments in R: |t — t| < a, |x — xXol £,
including the initial values of the variables, then the solution x =
#(t) of (I.1) is analytic in ¢, i.e., can be represented by a convergent
power series in (¢t — t,), in a sufficiently small interval S about &.

The coeflicients ¢, ¢y, -+ -, €, - - - of the series solution

x(t) = x4 ¢ (t — ty) + et — t)* + -+

are determined by replacing x on both sides of (I.1) by this series,
and then equating coeflicients of like powers of (¢t — t,).

Since Cauchy, others' have extended the lower limits for S within
which the solutions certainly converge, and Moulton (see |5, p. 27|)
shows how one such S is automatically enlarged if f does not contain
t explicitly (the differential equation is then said to be autonomous).
In many cases the interval of convergence of the solution is larger
than that predicted from the general theory, but there is no general

'See |5, p. 38] for specitic references.
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method of determining the exact interval of convergence of solutions
of analytic nonlinear differential equations (see [5]), hence solutions
of such equations hold in the “small.” For example, consider the ana-
lytic nonlinear problem

dx _ 2
E—l—i—x,
x(0)= 0.

Here the maximum interval of convergence predicted by the exist-
ence theorem is |{| < 1/2. On the other hand, direct integration is
possible, and gives the solution x = tant, which has the interval of
convergence r/2, approximately three times the predicted interval.
The danger of assuming a large interval of convergence in the general
case, where the exact solution is not known, is obvious.

As might be anticipated, the interval of convergence of solutions of
analytic linear differential equations is the interval of convergence
of the analytic coefficients (see [5]), and thus the solutions hold in
the “large.”

The Cauchy Theorem is easily extended to systems of analytic
differential equations of order one and higher.

e. Singularities and Regularization. A singular point of a differen-
tial equation (I.1) is defined as a point (f,x) at which one or more
of the conditions of the hypothesis of the existence theorem are not
satisfied (see [1], [6]). Such points can be found by inspection of
f(t, x).

Thus, at a singular point of the differential equation, the existence
theorem does not apply, and other methods must be sought for
establishing the existence and nature of the solution. One such
method is called regularization.

Regularization is essentially a substitution of an analytic (regular)
problem for the singular one. It is applicable to equations with re-
movable singularities and is accomplished by a transformation of
variables which effect the removal of the singularity. Thus the solu-
tion of the regularized equation is the solution of the original equa-
tion.

An elementary example will illustrate regularization. Consider the
problem

dx 1

=2 = =0.
5 ot x=0, x(0) =0
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This autonomous equation is singular at x =0, the initial point,
so the existence theorem does not apply in the neighborhood of this
point (t = 0, x = 0). Elsewhere the equation is analytic.

Introduce a new independent variable 7 through the transforma-
tion dt/dr = x. Since x = 0, ¢ is a monotone increasing function of
7, and dt/dr = 0 if and only if x = O (¢t = 0). Hence, there is a one-
to-one correspondence between ¢t and 7 for all t=2 0, 7= 70, where
7 = 7o corresponds to ¢t = 0. The modified problem is

dx _
dr
x(‘fo) = 0’

1, x=0,

since
dy _ dudt
dr dtdr’
The solution, analytic for all finite 7, is
X=171— T

To express x as a function of the original variable ¢, first obtain 7
as a function of ¢ from the equation dt/dr = x.
Integrating,

t= f xdr = f (r — r)dr = (r — 70)2/2,
0 0

from which
T — 19=(20)"% T2 1.
Then the solution to the singular problem is
x=@2)",  tz0,

analytic for ¢t > 0.

In the next section we will discuss regularization of the differential
equations of celestial mechanics.

II. Regularization of the relative n-body equations of celestial
mechanics—a formulation of the problem. a. Introduction. In a gravita-
tional force field containing n-bodies of mass m;, i = 1,2, ---,n, the
equations of motion, relative to a nonrotating coordinate system
whose origin is mass m,, are given by the system of n — 1 vector
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equations (see [ 8]):

2 — 2 n . -
aLy F-- kp—ﬂ”; YRS m,-[”_g - "_g] i=2.3...n
J i=Zji
where

M;=m,+m,

k?is the gravitational constant,

pij is the vector from mass m; to mass mj,

pi is the vector from the origin (mass m;) to mass m,,

pj is the vector from the origin to mass m;, and the real variable ¢
denotes the time.

Except in the case n = 2, there are no known solutions of these
equations which give qualitative information of the motion for all
values of the time for arbitrary initial conditions.

The Cauchy Theorem establishes the existence of series solutions
of equations (I1.1) in a neighborhood of every initial time ¢, except
possibly at collisions of two or more masses, which represent singu-
larities of the differential equations (see [9]).

This suggests one approach to the problem—write the series solu-
tion at a point a short distance from a singularity, and by means of
the process of analytic continuation derive successive sets of other
power series which converge for values of the time successively closer
to the singularity, but never reaching it, of course. By its construc-
tion, this approach precludes any survey of the general character of
the motion near the collision.

Another theoretical approach, whose literature is much less
abundant, is that of regularization of the equations of motion, i.e.,
removal of singularities. This would establish the existence of solu-
tions at the singularities and might make it possible to determine
the character of the motion near collisions.

Several investigators have succeeded in regularizing special cases
of the n-body problem. G. D. Birkhoff and Levi-Civita have used
conformal mapping techniques to remove singularities of the re-
stricted 3-body equations. Levi-Civita removed one singularity by a
clever choice of mapping, and Birkhoff succeeded in completely
regularizing the restricted 3-body equations by another mapping
(see [10]). Birkhoff used the new formulation to describe what he
called the “states of motion,” i.e., the position and velocity vectors
of a particle at an instant.
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Sundman in [ 11] regularized the general 3-body equations, except
in the case of triple collision, by a change of the independent vari-
able involving explicitly the position coordinates of the bodies.
Sundman proved the existence of series solutions convergent for all
values of time. Unfortunately, however, this is not of great practi-
cal value in studying the overall motion, because the particular series
converges slowly for large time intervals (see [9], [12]).

b. Transformed Equations. Restricting motion to the invariable
plane of the solar system, with mass m, the sun, Equations (I1.1)
have the same form, but can now be written in complex notation as

¢z _ kM
ez lz|® ™
(11.2) " (z; — 2,) 2
+k2 m[ d - d ], i=2’3,""n7
j=§#i Wz —a* z]”

where

z=x(t) + iy(t).

Now consider the conformal map f of the z-plane (invariable
plane) into the w-plane, and denote by g the inverse of f. Further,
denote by the real variable r the trajectory time parameter in the
w-plane. Under this simultaneous conformal map and time transfor-
mation the equations (I1.2) become

d*w; g"w,) <d_u_)~,>2 3 d?t/dr* dw;
T g \dr djd: dr
(%)
dr kEM,
11.3) = {— — L g(wy)
(13) g (w) lg(w)|®
. g(wy) — 8(wy) g(w)) ]}
k? m‘[ ! R , ,
+ j=§¢i ! lg(w)) — gw))|* |g(wj)|d
i=2’3,...,n,
where

W= u(r) + iv(r), and g'(w) = .
dw,-
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The conformal property of the mapping specifies that

/

where |dw;/dr|/|dz;/dt| is the ratio of the speeds at corresponding
points of trajectories in the w-plane and z-plane.

Of the four nonlinear terms in equations (I1.3), the two that are
carried over from equations (II1.2) and exhibit the singularities of
those differential equations are governed by the map g and by
dt/dr. The nonlinear term

dt

dr

dwi

dr

dz i

W y l=2,3,"',n

b

= ’ g (w)

g” (wy) <dw.> 2

g (wy) dr,

is governed by the map g and is seen to vanish if and only if the
transformation consists of a rotation, magnification and/or trans-
lation. It is unlikely, therefore, that (I1.3) can be linearized as well
as regularized. The presence in equations (I1.3) of this new nonlinear
term does not create additional singularities, since g’ > 0, and hence
does not affect essentially the existence problem.

In particular, under the identity transformation, equations (II.3)
become

dzz,- dZt/d‘r2 dZ,'
d=*  dt/dr dr

2 2 n
(I1.4) =<£> {_M Y [2—_2_2_]}
ar 7 AR 2 s TR

J=2%j

i = 2a37 ATY(H

the equations of motion in the 2-plane after a transformation in the
independent variable.

With the selection of regularizing mappings, solutions of equations
(I1.3) may be written in the neighborhood of images of collisions.
These solutions will immediately transform back to the physical
plane via the selected mappings, without the necessity of solving
equations (I1.2).
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Restriction of the dependent variable transformations to con-
formal maps appears to offer advantages. The theory of conformal
mapping, with its established existence theorems, is available, and
certain invariant properties of conformal mapping might be helpful.

For example, equations, (I1.2) may be written in terms of the
gradient V,

2 N
%=v'i(vi+q’i), 1=2,3,-.-.,n;

where
2 .

(I1.5) Viz) = k*M;
|2

and . - . }

(25,25, - 20y - -+, 20) = K {“——J ——iRe<—'>}'
o j=§:;¢i |2 — zi |z 2;

Then, properties of conformal mapping give at once the equiv-
alent of (I1.3),

dw; g W) (d_w_.->2 _ d*t/de* dw;
(1L6) d-* g (w) dr dt/dr dr
dt/dr)* .
=|-(é%u#)lz_vuﬁ(‘/i+¢i)” l=2v3a"'9n,

where (V. + &;)’ is the transformed (V;+ ®;).

It might be hoped that this behavior of the potential V;+ &; under
conformal mapping is not affected by the interesting fact that this
potential is harmonic (statisfies Laplace’s equation) in 3-dimensional
Euclidean space but is not harmonic in Euclidian 2-space.

II1. Regularization of the relative 3-body equations in the case of
binary collisions, using Sundman’s transformation. In this section we
will show that the relative 3-body equations can be regularized, in
the case of a binary collision, by a transformation due to Sundman
of the independent variable only, and the coordinates of the bodies
can be expanded in convergent series for all real values of time.

a. Regularizing Function. The equations under discussion are ob-
tained from (1I1.4) as
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d’z, (12t/d1'2 d_zz

drr dt/dr dr

(III.l) dt 2 k2M2 9 23— 29 F4£)
=) U Tl 2wl T RS
d223 _ d2t/dT2 42_3
dr? dt/dr dr
- =<d_t>2{_'if%z +k2m[M_ z_z]}
dr EAR : ? |25 — 25| |2 43 °
Denote

|22| = Ty, |Z3| = T3, |Z3—Z2| = To.

Without loss of generality we will consider the binary collision to
be that of m, with m; The Sundman transformation which ac-
complishes this regularization is given by the equation

(I11.3) dt=(1—e ™)1 — e ") (1 — e~R)dr,

where [ is the positive lower bound of r, and r3, shown by Sundman in
[11] to exist. Denote

ppe=1—e", k=023
Clearly

0<1—$§¢k<1, for r,< o, k=2,3

and 0 £ ¢4 < 1, the equality holding for ry= 0. Then 0 <dt/dr < 1
and (dt/dr),;,_0= 0.

To
ry

r3

m

F1GURE 2. Coordinates for Sundman Transformation
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Using ’Hoépital’s rule we see that

dt/dT _ Iim b203 e—ro/l — lim D23 <l =m,
rp

rg—0 ro—0 l l

lim
rg—0

m a finite quantity,

. dt
l.e., E = O(rO)y

or dt/dr vanishes to at least the same order as r,, as ro— 0. Also, in
the same notation it follows that

do = O(ry)
and
or=0(1), k=23,
i.e.,
|¢| < constant, ro— 0; k=23.

Hence the binary collision will not cause a singularity of the differen-
tial equations (II1.1) and (I11.2) provided the following quantities
remain finite as r,— 0.

dz,
dr

dzt/de de

dt/dr dr

dz,

(111.4) R

’ ] ’

d*t/dr* dz,
dt/dr dr '

To show that the limiting values of these quantities are finite, we
will make use of the energy integral obtained from the relative 3-
body equations of motion in their original form (II.1), before the
transformation of the independent variable. These equations are

“p. . M,p. ; _~ =
(I11.5) 2= R k"‘mx[ef%_J - p‘di] ,
dt P2 P23 p3
d2 0 ) Y ) - by
(e G- - w R w2,
Ps P23 P2
where
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my

P23

my
FiGURE 3. Vectors for Energy Integral
Now mulitiply (I11.5) by myp, and (111.6) by msp; and add the re-

sulting equations to obtain

3 _ —_— R -_— —_ -
— e 2 P23 ° P23 03 P2 P2 pP3
Zmim-m=k {—mzma 3 —m2m3< — + 3
i=2 P23 p3 P2

(1I1.7)

3

P2 Py p3 p3
P2 P3

The term in parentheses on the right side can be written
53';2 /72'—;3 P3 > = 52 - . =
5 + 5= = = - (p3— pa3) + 5 - (p2+ p23)
P3 P2 P3 P2
(111.8) _ - _ /- _
_ P3-p3 P2 P2 = P3 P2
—TWLT—P%'KT— =5/
P3 P2 P3 P2

Another expression for the last term of (II1.8) is obtained by sub-
tracting (II1.5) from (III.6).

- o bt 2 P2 2 1723 2 53 2 P2
pm=ps—p2=R M2—3—k m37+k my— —k my—
P2 P23 P3 P2

Kemg BBy,
3 -
P23 Pg

. 52 2 p—23 2 P—3
=kzm1—3 —k (m2+ ms)—d—k my—s
P2 P23 P3

; p: p: : Pn
= — k2m1<p-§— — "—§> — k3 (my+ mg) B2
P3 P2 P23
Therefore
P3 p: =1 1= - P23
=3 = P_i = i [P23+ k*(my + my) 7:|
3 P2 k m, P23
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and

- . p__a_p__g — _1 - .3-‘- 2 523'_;23].
L9 Fu- (2 = %) = | Gt Kimat mo) P2

Then (II1.7) becomes, after substituting (III.8) and (III.9) and
simplifying,

—~ = 2 m2m3__-_ e
Mypy - pa~+ Maps-ps+ 23° P23
m,
p p2 D2 P '?3 MaMy pas - P23
=—k‘M|:m2 = +my 2+ 3
P2 P3 m, P23

where M = m, + m,+ m,. Integration gives the energy integral for
the relative 3-body equations:

1 _'.2 —_ —_
§(m1m202 + mlmap."f + mzmspés)

(I11.10)

= k2M<m‘m2 4 My m2m3> + E(constant).
P2 P3 P23

From this we see immediately that
(mymyps + mymyps + mymyp) = 0 <p_,_1> ,

i.e., the expression in parentheses goes to infinity to the same order
as 1/pq3, as py3 — 0. Hence we have the important results

1 1
- | = 0<W> s
P2 Po3

(I11.11) _1— =0<%> ,
P3

which imply also

1 1 ) 1
(I11.12) p2=0 <-—1/7> , pa=0 <W> , Py = 0< 1/2) .
(D] (3] P23
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In complex notation, the equivalent expressions are
. 1 . 1 . 1
and
; 1 : 1 . 1
(III.13)r2=0<;(1)—/2'> ’ r3=0<r$T> ’ r0=0<r(1)T> .

Returning now to the Sundman transformation (III.3) and the
quantities (I111.4), we obtain, since dt/dr = O(r,),

dz, _ ; ﬂ _ 1/2

E = 22 i | = O(r¢®
(I11.14)

% ; ﬂ _ 1/2

dr %g, | =00

Finally, denote

P = :ii—t =(1—-e™)1-e)1—e ")
T
(111.15)
= ¢o P2 p3.
Then
d _do _dodr
dr? dr  dt dr
and
d’t/d:> d®» 1 — oy .
T//dr; T a1 {dodarse™™ + godsrae ¥ + dapsroe V.
Since

¢0=O(r0); and ¢k=0(1), k=2737

expressions (II1.13) indicate

dd 1
E‘O<r?> ’

but using (111.14),
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dt/dr* dz, | _ |d® dz,
dt/dr dr dt dr

=0(1),

and similarly,

dzt/de d23

dt/dr dr = 0.

Thus the Sundman transformation (I11.3) or (I11.15) does regularize
the relative 3-body equations (II1.1), (II11.2) in the case of a binary
collision, and hence these equations are regular for all 7, |7| < =, if
we exclude the possibility of triple collision. Therefore the solutions
24,2, are analytic in 7, and can be expressed as power series in (r — 79)
for arbitrary r,, in some interval of convergence.” It follows that
ro, 7, and ry are analytic in 7, hence & = dt/ dr is analytic in 7,
|7| < ®. Further, since 0 < dt/dr <1, the equality holding if and
only if r, = 0, then ¢ is a monotone increasing analytic function of 7,
|7] < «. Thus there is a one-to-one correspondence between ¢ and
rfort, rreal, — o <t < 0, — 0 <7< o,

b. Series Solution Convergent for all Finite Values of Time. If the
radius of convergence of the power series in (1 — 7o) for 2, and z; is
infinite, the problem is completed, i.e., these series are valid for all
real ¢, because of the one-to-one correspondence between ¢ and r for
all ¢, 7 real.

Consider therefore that the radius of convergence about ry(real)
is finite. Since there are no singularities of the differential equations
of motion (II1.1) and (II1.2) for all real 7, the finite radius of con-
vergence about any real r, must be due to the existence of singular-
ities of the solution z,, z; in the finite part of the r-plane but not in
the real axis. Suppose that the singularity which is nearest to the
real axis for all 7, is at a positive distance h from this axis. (Sund-
man proves the existence of such a constant h.)

By the Poincaré transformation

2h 14w

_ = 2]
T T0 rogl—w’

the interior of the strip of width 2A in the r-plane is transformed

Sundman in | 11] discusses how the same series define a continuation of the motion
after a collision.
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conformally onto the interior of the unit circle |w| =1 in the w-
plane. This is easily seen through the successive transformations

¢ = e w = {—1
’ {+1
In particular the real axis — « < 7 — 7y < w s mapped in one-to-one
correspondence onto the real segment — 1 <w < 1.

AR RN
N \\\\\\\\\ h\\\\\\\\
AYRELNN \,\ \\/\ AT \\,\
WA At !

Sty S Ly
YN, ,/'//,///‘,',/,// YL/ Ny,

¢-plane

w-plane
=
(AR
AN /
\\\\/ \ // 1

FI1GURE 4

The solutions 2, z; are therefore analytic in w, jw| < 1, and hence
can be expressed in power series in w, convergent in |w| < 1. These
series will therefore converge for all real w, |w| < 1 and consequently
for all real 7, | — 79| < «. Finally, because of the one-to-one cor-
respondence between r and ¢ for 7, t real, — <71 < ®, — W<t < o,
these series converge for all real time t, — » < ¢ < o.
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The Spheroidal Method

in Satellite Astronomy

I. Introduction. If r is the position vector of an artificial satellite
of an oblate planet, relative to the latter’s center of mass, the drag-
free motion of the satellite is determined by the differential equation

1) f=-—-VV

Here the gravitational potential V of the planet is expressible as
an expansion in spherical harmonics

2 V=— 5[ 1-— 22 < r_,> J,.P,.(sine)] + tesseral harmonics
r n= r

where r = |r|, 6 is the declination, r, is the equatorial radius, P,
is the nth Legendre polynomial, and p = GM, the product of the
gravitational constant and the mass of the planet. Besides the drag,
equations (1) and (2) neglect the lunar-solar perturbation and all
nongravitational forces. The constants J, are pure numbers charac-
terizing the planet’s potential, with J, = (1.08)10~* for the Earth
and with all the other J,’s of the order 107® or smaller.

11. Possible reference orbits. Most approaches to the problem of
solving (1) and (2) for the orbit have begun with replacing V by
Vo= — u/r and finding the perturbations of the resulting elliptic

119
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orbit, produced by the higher harmonics. Sterne in [6] and [7] and
Garfinkel in [2] and [3] both began with potentials of the form
V = f(r,6), taking into account part of the effect of the second
harmonic. Further progress then depends on finding how the re-
sulting intermediate or reference orbit changes with time.

To take advantage of our knowledge of the actual shape of the
earth, or of any oblate planet more closely resembling an oblate
spheroid than a sphere, the author’ in [8] and [9] decided to try
oblate spheroidal coordinates. If X, Y, and Z are the usual rectangu-
lar coordinates, these spheroidal coordinates p, n, and ¢ are defined
by the equations

(3.1 X +iY = rcosfexpio = [(p* + (1 — 7)) *exp ig,
(3.2) Z = rsiné = pn.

Here c is an adjustable distance, small compared to r.. For large
r, p— r and 5 — sin 6. The surfaces p = constant are oblate spheroids,
approaching sphericity as p increases, and the surfaces 7 = constant
are hyperboloids, asymptotic to the cones # = constant.

With the hope of obtaining a more accurate reference orbit as
a starting point for the calculation of satellite orbits, the author
wrote out the Hamilton-Jacobi equation in these coordinates,
finding that it would be separable if V has the general form

(4) V= (o + ") "' fle) + &) ).

On imposing the requirement that V' shall be a solution of Laplace’s
equation V*V’ = 0 and that this solution shall be nonsingular on
the Z-axis, one finds that the functions f(p) and g(y) can only be

(5) flo) =brp,  &(n) = ban.
Placing the origin at the center of mass then makes b, =0 and
requiring V' to have the form — u/r at large r makes b= —p.
Then

, Bp R
(6) V =— pT—?cTnz = — MRe(p + lCT]) 1.

' The author's work in this area has received support from the National
Aeronautics and Space Administration.
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The expansion of V' in zonal harmonics
2 4 6
7 V= g[ 1— i—sz(sina) + %H(sinﬂ) - :—GPG(sino) f.. ]

then shows that V’ agrees with V through the second harmonic if
(8) C 2 =T, 32 J 2.

With such a choice for ¢, perfect agreement between V and V'
requires that J, = — JZ, Jg = J3, .-.. Since observations show that
Ji~ — 1.5J3, it follows that V' also represents about two-thirds
of the fourth harmonic. It follows that V’ accounts for about 99.5%
of the departure of V from the simple value — u/r that would hold
for a spherically symmetric planet. In other words the geoid con-
structed from V’ never departs from the actual sea-level surface by
more than a few hundred feet. Furthermore, Weinacht in [14]
proved that separable motion of a particle in Euclidean space is
either a Staeckel system or reducible to a Staeckel system by a point
transformation. Of the eleven systems of coordinates in which
Staeckel systems may be expressed, the oblate spheroidal has the
most appropriate symmetry. Furthermore, equation (6) is the most
flexible solution of Laplace’s equation in this system that leads to
separability. It therefore appears likely that the orbit of a particle
moving in the potential field (6), with ¢*= r2dJ,, is the best pos-
sible reference orbit that can be chosen, from the point of view
of accuracy of fit to the actual orbit without perturbation theory.

III. The quadratures. If o, is the energy, «; the axial component
of angular momentum, and a, a separation constant that would re-
duce to the total angular momentum in the Keplerian case ¢ = 0,
then with the potential (6) the Hamilton-Jacobi equation separates,
with a solution

9 W = Wilo, a1, az, a3) + Waln, ay, a, a3) + azé.

If 8, By, and B; are constants, such that in the Keplerian case
— B8y would be the time of passage through perigee, 8, the argument
of perigee, and 8; the right ascension of the node, the coordinates
p, 1, and ¢ are given by the solution of
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(10.1) 6_‘17_ t+4 8=+ fﬂ p?F~Vidp + czf G~ V2dn,
0

aal

(10.2) ow =fy= :Fagf F- ‘/2dpia2f G V*dn,

Z—‘Y = B3 = ¢:F0!3f (1 —7)"tGVdy
[44
(10.3) s
:hC2a3f (p2+02)_1F_1/2dp.
1
Here

G(n) = — af + (1 — 9D (af + 2a,¢%7%)

(11.1) \ \
= (a3 — a3) <1_n_2> (1_n_2> (—mS<n<m=1)
7o 12

a quadratic in 7% and
(11.2)F(p) =c’af+ (p*+ A (— af + 2pp + 2a1p%)

= (—2a)(p —p)(p2—p)(p*+ Ap+B) (m=p=p)
a quartic in p.

IV. Factoring the quartics. The material of this and the next two
sections is based on [11], [12], and [13].

Finding the coordinates as functions of the time depends on in-
verting equations (10.1) and (10.2) to obtain p and 7 in terms of
tand then inserting the results into (10.3) to obtain ¢. To do this
we must first evaluate the above integrals and this evaluation re-
quires factoring the quartics F(p) and G(»).

We may define constant orbital elements ay= — p/2c;, €
= (14 2a,02/u)'?, and i, = cos Yas/as), Bi, B2, B3 that can be
obtained directly from initial conditions. In this way we can
factor G(n) exactly and F(p) through order J; without difficulty.
A somewhat better set of elements is a, e, I, 8,, 8, 83, introduced
by Izsak in [4]. Here a = (p,+ p2)/2, e= (p2— p1)/(p2+ 01, and
I = sin"'p,. The quantities «,, as, a3, A, B, and 5, can all be ex-
pressed in terms of these elements, so that the latter lead to an
exact factorization of F(p). These elements can be obtained from
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initial conditions by numerical solution of F(p) =0, but they can
be determined without such a procedure by iterated least-square
fitting to an observed orbit.

V. Evaluating the integrals. The integrals in (10.3) can be expressed
as incomplete elliptic integrals of the third kind and those in (10.1)
and (10.2) as incomplete elliptic integrals of the first and second
kinds. It is simpler, however, to avoid such a formulation. Sup-
pose we introduce the uniformizing variables E, v, ¢, and x, de-
fined by

(12.1) p=a(l —ecosE) =a(l —e®)(1 +ecosv) ),
(12.2) 7 = nesiny,
(12.3)  expix = (1 — n§sin®*y) "*(cosy + i(1 — pd)“siny).

Here E and v are analogous, respectively, to the eccentric and
true anomalies in elliptic motion, ¥ to the argument of latitude,
and x to the projection of the orbital arc on the equator. By using
an expansion in Legendre polynomials with argument — AB~'2/2,
viz.,

n=0

we can express the p-integrals R,, R,, R; occurring respectively
in (10.1), (10.2), and (10.3), in the forms

’

2
(14.1) (— 2a9)"R, = — % AE + a(E —esinE) + Ao+ > Ayjsinjv
01

4

(14.2) (— 2a) 2R, = A+ 3" Aysinj,
i1
4

(14.3) (— 2a)"?R; = Azv+ >_ Ag;sinjv.
j=1

Here the coefficients A,, A,, and A; are infinite series, leading to
an exact evaluation of secular effects for the reference orbit, and
the sine terms are carried far enough to give periodic effects
through order J2.
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We can express the corresponding n-integrals as

2
(15.1) N, = Cl¢+ZC115in2j\(/,
=
2
(15.2) N; = Co¥ + 2_ Cysin 2jy,
=
(15.3) N3 = Cyx + Cyp + Cysin2y.

Here C, and C, are expressible in terms of the complete elliptic
integrals K(no/n;) and E(no/n) and N; in terms of an infinite
series. The results for the n-integrals are thus also accurate enough
to give secular effects exactly for the reference orbit and periodic
effects through order J;.

VI. Solution of the kinetic equations (10). One inserts (14) and
(15) into equations (10.1) and (10.2), placing

(16) E=M5+Epv U=Ms+vpy \b=¢s+¢p

The secular terms M, and ¢, are then found by dropping E,, up,
¥, and the sine terms in (10.1) and (10.2) and solving a pair of
linear algebraic equations. The secular mean anomaly M, appears
as the product of 27», and a linear function of ¢+ 8i; the secular
term ¢, is the product of 27, and a linear function of ¢+ 8. Here
v, and », are, respectively, the mean p-frequency da;/8j, and the
mean n-frequency da;/dJj,, j, and j, being the corresponding action
variables (see [10]).
One then expresses the periodic terms as

(17 Ep=E0+E1+E21 Up = Uy + Uy + Uy, Yo =vo+ ¥1+ ¥

where E,, e.g., denotes a periodic part of order J;. One then places
E, = E,, v, = vy, ¥; = o into (10), rejecting all periodic terms of
order J, or higher, and solves (10.1), (10.2), and (12.1) for E,, vy,
and y,. Here M, + E, appears as the solution of the Kepler equation

(18.1) MS+E0—e,Sin(MS+E0) =Ms,
(18.2) e =aqe/a, <e.

One continues by adding in the terms E,, v;, and ¢, into equations
(10), rejecting only those periodic terms of order J3 or higher. Then




THE SPHEROIDAL METHOD 125

M, + Ey+ E, satisfies a similar Kepler equation, the right side
getting an additional term M,, periodic of order J,, depending on
vo and ¥, + . This second Kepler equation does not require a
full-fledged solution, but may be solved by a differential method.
Knowing E;, one may then use (12.1) to find v; and (10.2) to find y,.

One continues in a similar fashion to find E,, v,, and ¢,. For the
reference orbit the secular parts of E, v, and ¢ are then known
exactly and the short-periodic parts through order J;. There are
no long-periodic terms in this solution for the reference orbit.

Equations (12.1) and (12.2) then give the spheroidal coordinates
o and »n. The right ascension ¢ follows from (10.3), (14.3), and (15.3),
after insertion of ¢ into (12.3) to find x. This completes the solu-
tion for the reference orbit.

VII. A sketch of the necessary perturbation theory. If we subtract
(7) from (2), we find that the part of the gravitational potential
not accounted for in the reference orbit is given by

3 4
19 V-V = ‘%Jsps(sina) + “%(@ + J2) Py(sing) + ---.

As an example, we consider here only the residual fourth harmonic,
so that the perturbing term in the Hamiltonian becomes

4
(20) H = ’%M + J2) Py(sind).
If we use the formulas of elliptic motion for r and 6, viz.,
a(l —ée?
21 = - - "7
(21) r=a(l —ecoskE) 1+ ocoss’
(22) sinf = sin I sin(v + 8,)

the perturbation H’ will be correct through order J;. This order
of accuracy will result in secular and short-periodic changes correct
through order J; and long-periodic terms correct through order
J,. (It is well to emphasize at this point that this order of accuracy
is for effects produced by less than 0.5% of the departure of the
planet from sphericity; for the 99.5% of this departure already
accounted for by the potential (7) the secular eifects are exact
and long-periodic effects do not exist.)



126 J.P. VINTI

In doing the perturbation theory, the first canonical variables
that come to mind are the Jacobi “constants” ai, as, a3 £, B
and 8;. Their shortcomings are well known, however, since they
lead to Poisson terms in a; and a,. The next set that comes to
mind is the one generated from the o’s and g’s by the generating
function

(23) S = —ait+u(— 2ay) "V 81 + a3 85 + asBs.
If we define n, by
(24) p=ngas, ay= —p/20

this leads to the set
L = (uap)'?, l=nolt+ 8y
(25) az B2
a3 B3,
canonical with respect to the Hamiltonian
(26) H= —u%2L*+ H'.

One may attempt to apply the von Zeipel method in the way
successfully used by Brouwer in [1], first eliminating short-periodic
terms and then proceeding to eliminate long-periodic terms. One
then finds, however, that the corresponding generating function
S, which ought to be of the first order in the parameter

27 o= 4+t J. 22
must satisfy
*
(28) aSl, = Zeroth order in o.
481

One may alternatively eliminate short-periodic and long-periodic
terms simultaneously, but one then obtains a Poisson term of the
form v’sin 28} in a; — aj. Since v’ has a secular part, such a result
would appear absurd, since the “constant” a,, which ought to have
only a small periodic variation, would then become infinite. These
difficulties are examples of the failure of the von Zeipel method
whenever the following conditions both hold:
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(1) the perturbation has a long-periodic part of the first order
in the perturbation parameter o, and (2) the canonical variables
are such that the unperturbed Hamiltonian depends only on L.

The following set, however, is successful. If j;, j,, and j; are
the action variables and if w;, w,, and w; are the corresponding
angle variables, we define L, G, H, I, g, and h by

2xL = ji+ j2+ jasgnas,

(29) 27G = j+ jssgnas,
27H = J,
= 27w,
(30) g = 2x(w, — wy),

h= 27 (w;y — wzsgna3),

where sgnas = + 1 respectively for a direct orbit or a retrograde
orbit. To verify that they are canonical, note that

(31) Ldl + Gdg + Hdh = j,dw, + j,dw, + jsdws.

They were introduced by Izsak in [5] in his application of the
author’s theory to the problem of the critical inclination.
If

(32) Ja=98ji/da (i,k=1,2,3)
the 8’s are then given by
27(t+8) =Ju(l+8) +jul,
(33) 278y = Jn(l + &) + jr2l,
2783 = 27h + jisl + (Js + 2wsgnas) (1 + g).

The constant orbital elements in the perturbed problem then be-

come the constant parts a”, e”, and »{ of a, e, and n,, along with

the initial values [f, g, and h{ of the secular parts of [, g, and h.
The corresponding Hamiltonian F is given by

(34) F=F0(L)G;H)+Fl
where

(35) Fo=—a, F=-H
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and
L= % l=— %
(36) G=%§—, g=—%,
HeGp b=t
One cannot express the unperturbed Hamiltonian Fy = — a; exactly

as a function of L, G, and H, but it is not necessary to do so. One
needs only the derivatives

GFO 3 aFWO a]l
oL % e aL - ™
6F0 3 aFO a.]
37 - = Z A B
( ) aG 1 ji d 27r(y1 VZ)
6 aI;‘O a]l
_ﬁ P i = 2n(vasgnag — v3).

On applying the von Zeipel method, one first carries through
the simple but tedious elimination of the short-periodic terms. Pro-
ceeding to the long-periodic terms, one finds that the appropriate
generating function S*(L’,G”,H,g’) must satisfy

oF, oS¢
(38) el agi = — (F) tong-periodics
leading to
aSt
(39) 21I'(V — V2 -é? = Uf(L,,G”,H)COS2g’,

where f is a certain function of L’, G”, and H. Since »{ — »§ is
proportional to 1 — 5H?/G”* ~ 1 — 5cos’ I, this leads to the familiar
resonance denominator, whenever o = J; + J3 # 0. Since o/ (v7 — v
= O(Jy), the long-periodic terms are accurate through order Js.
After finding the above canonical variables as functions of time,
one easily converts their changes into changes of a;, a3, and a3z or
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of a, e, and I. On inserting the functions a(?), e(t), I(®), 1(?), g(t),
and h(?) into equations (10), one then can find, by differential
methods, the changes in E, v, ¢, and x, and thus in the coordinates,
that are produced by the perturbation. It is not necessary to do
a complete re-inversion of (10.1) and (10.2).
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Precession and Nutation

I. Couple due to distant mass acting on nonspherical object. Let
the axes be principal axes of inertia at the mass-center O (see
Figure 1). Let the distant mass be a particle of mass M’ at P(x,, 2),
and let r® = x*J- y* 4+ 2. Let a typical particle of the object be
of mass m at Q(¢,9,¢), and let

Pl=(x -8+ (y—ni+ (-9

P M (x,y,2)

Z,F

m(¢,n, s“; .

Ficure 1. Couple Due to Distant Mass
130
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Then the force components acting on m are

X=GM'm(x—¢) /o
Y=GM'm(y—n/o,
Z=GM'm(z— ¢)/p.
Thus
L = moment of forces about Ox
= Z (Z — 1Y)

[1z—¢) — H(y —n)]
_ MY m(nz - s“y).
p
But, neglecting squares and products of £, n, {, we have

=(@x—-8"+(y—n 4+ (z— O%=rt—2(xt + yn + 20,
1 _r1_3|:1+3(x£+ry2n+zs“)]

=
p
Therefore, neglecting terms of the third order in (g1, ¢)

[ d ’ 3
LzGi\;I [1+ (x£+ry2n+zs°)]

ki

3GM’yz

2mr’ —

since ) mi= Zmn =>mi=0 and X _my¢ =0, etc. But if the
principal moments of inertia at O are A, B, C, we have

A=Ym@*+), B=Ym(+8), C=XmE+,

Lam@y— ) =
~ ’ —_ ~ ’ _A
Y 3GM (B5 C)yz, M= 3GM (C5 )zx,
r r
N_ _3GMA-Bxy

r5
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I1. Casesof an axially symmetrical body (e.g. the Earth). In this
case A = B < C, and the couple has components
3GM’'(C — A)yz 3GM’(C — A)zx

(2) 5 4 ’ - 5 0.

r r

If x =rcosd, y=0, z=rsing, so that & is the declination of the
distant object, the couple components are

3aGM'(C—- A
3 0, — ——(d—l

r

sind cos d, 0,

i.e., the couple is in the plane of M’ and the Earth’s axis, and is
in such a sense that (if the Earth were not rotating) it would tend
to move the Earth’s equatorial plane into coincidence with M’.

II1. Couple components derived from potential energy. Let U be
the gravitational potential at P due to the nonspherical object, so
that the mutual potential energy of this and the mass M’ at P is
V= — M'U. To the order of approximation already assumed in
§1, U is given by MacCullagh’s formula, proved in many text books,

_GM | GA+B+C-3D)

U r 2r? ’

where I is the moment of inertia of the nonspherical object about
OP and M is its mass. Thus

GMM’  GM'(A+ B+ C—3I)

“) V= - r 2rd

From this the general formulas (1) for L M, N may easily be
deduced by considering changes in V produced by small rotations
about the axes of coordinates.

Restricting ourselves to the case of axial symmetry (A = B),
we have

I = Acos®s + Csin?s,
where 5 is the declination of P. Thus
A+ B+ C—31=2A+ C— 3(Acos’s + (sin’8)
= (C — A)(1 — 3sin®s).
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Therefore

_ GMM’'  GM'(C — A)(1 — 3sins)

r ors ’

(5) V=

where it may be noted that
1. .
5 (3sin?6 — 1) = P,(sins),

P, being the Legendre polynomial of the second degree. Thus the
couple due to M’ tending to decrease 6 has a magnitude

aV _ 3GM’(C — A)
_ e 4)

—_— sin § cos &
dé r

which agrees with (3).
This method is useful if it is required to ascertain the possible
effect of the fourth harmonic. Taking

GM [a a® /1, 8 _a° .
U= — [; + Jr—3 <§ — sin 5> +£ Dr-5P4(s1n6)]
= U0+ U2+ U4’
we have
P,(sins) = % (35sin*s — 30sins + 3)
and
aP
P _1 (35sin?6 — 15) sin é coss,
aé 2

which is numerically less than or equal to 10sinécoss. Thus

8
%DXI()(g)“’_SD(a)?
J X2 r/) 1d\r/)’

With J =16 X 107% D =8X 10"% so that D/J is about 1/200,
and with a/r = 1/60 in the case when M’ is the Moon, this gives
about 1/600,000. Since we shall not determine precessions to more
than 4 significant figures, the effect of the fourth harmonic in the

dU,/d6
dU,/d8

A
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Earth’s potential may be neglected.

IV. Average couple when M’ moves in a circle around the Earth.
Suppose M’ moves, for example, in the plane of the ecliptic (see
Figure 2). Let P and K denote the poles of the equator and the

FIGURE 2. Mass in the Ecliptic

ecliptic respectively. Take the x-axis along Oy. If

_ 3GM’(C — A)

. 2r’ ’

which in turn is equal to the maximum numerical value of the couple,
occurring at é = + 45°, the couple has, by (2), the components
2%yz/rt, — 2xzx/r’, 0. But x = rcos L, y = rsin L cose, z = rsin L sine,
where ¢ is the obliquity of the ecliptic and L = angleyOM’ increases
uniformly with the time. Thus

yz = rlsinecosesin?’ L, and zx = r’sinesin Lcos L

have average values (1/2) I‘zSin€CO§f and O respectively. Thus the
average couple has components (N’,0,0), where

S 3GM'(C — A)
N’ = ksinecose = —T——

sinecose.
If the Earth were not rotating, this couple would tend to move
the pole P of the equator towards the pele K of the ecliptic.

We shall now consider the effect of such couples on the Earth,
supposing it rigid. (The Earth is deformable, but not enough to
affect the precession seriously, as has been found by several authors,
and as is obvious from consideration of angular momentum.) The
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W nt

/oy
FIGURE 3. Rotation of the Equator

following is an approximate treatment, which ignores for the moment
the distinction between the Earth’s axis of figure and axis of rotation.

V. Eﬂ'ect of steady couple on the rotating Earth. Suppose a steady
couple N’ about Oy acts on the Earth (axial moment of inertia C,
angular velocity «). In a small time ¢, , the angular momentum Co
about OP receives a vector increment Nt about 0. Thus P moves
towards the instantaneous position of v at rate n = N’/ Co,and KP
rotates: about K at a rate k = n cosece.

. 3GM’ C - A

(6) n = motion of pole = Fe O sine cose,
. . 3GM’' C—- A

(7) k = motion of equinox = e O COSEe.

Here (C — A)/C, the Earth’s “mechanical ellipticity”, is found
(actually from the precession) to be about 1/(305.5).

Neglecting the eccentricity of the Earth’s orbit and the eccentri-
city, inclination, and solar perturbations of the Moon’s orbit, the
above formulas give the solar and lunar precessions, on substituting
solar and lunar values of M’ and r. (Variability of the couples
produces nutation, to be considered later.)

VI. Rough numerical values. For the Sun, GM’ =n’*r®, thus k
from the Sun per year (2x/n’) is
nC—-A 1944000” cos 23°27’

3r - — 15”9,
e @ o 366.24 X 305.5
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which is correct to one decimal. The relative importance of the
Sun and the Moon (neglecting eccentricities, etc.) in producing
precession (also tides) may be found from the ratio of their values
of M’/r®, This is found, directly, or from (M/(E + M))(n/n’)?
(see §XII), to be about 2.17. Thus k from the Moon per year is
about 2.17 X 15”.9 = 34”.5, and the total luni-solar precession is
about

k= 15".9 + 34”.5 = 50”.4/year = 1°.4/century.

VII. Luni-solar precession. If the ecliptic were fixed, P would go
around K in a circle, in the retrograde direction, with period 360/1.4
centuries, or about 25,700 years, with constant inclination e. The
longitude of a fixed star would increase by about 50”/year, its
latitude remaining constant. That is, AA=kt, A8=0, or A= k,
3 =0. With ¢ = 23°27’, sine = 2/5, so that motion of pole=n
= ksine = 20”/year. The effect of luni-solar precession (only)
on right ascension and declination is shown in books on spherical
astronomy (e.g. [13]) to be given by

a = ncote+ nsinatans,
6= ncosa.

VIII. Effect of motion of the ecliptic (planetary precession). The
plane of the ecliptic slowly rotates on account of planetary pertur-
bations of the Earth’s orbit. Let N, N’ be the ascending and
descending nodes of the ecliptic at time t 4 dt(dt > 0) on the eclip-
tic at time t; let YN = 180° — v and N’y = ». At 1950.0, » = 5°36/,
and j = speed of rotation of ecliptic = 07.471/year, which is less
than 1/40 of the polar motion n.

Resolve the rotation of the plane of the ecliptic into

(i) jcosv about the line of equinoxes, decreasing ¢, so that «
= — jcosr. At 1950.0, ¢ = — 0”7.469/year (see Figure 5).

(ii) jsinvy about the line of solstices, giving vy’sine = Jsinvy;
thus v would move forwards on a fixed equator at a rate jsiny/sine
= | (see Figure 4). Thus [ (which is slowly decreasing) is the plan-
etary precession (in R.A.), decreasing all right ascensions. At 1950.0,
jsiny = 07.046, | = jsiny/sine = 07.115 (both yearly).

IX. Full formulas for «, 5. Planetary precession contributes
@ = —1, 6 =0 (since declinations are not affected). Thus
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207 P
FIGURE 5. Motions of the Poles of the Equator and the Ecliptic

a=m+ nsinatans,
o= ncosa,

where m = “precession in R.A.”” = ncote — | = kcose — . General
precession (in longitude) is accordingly

D =ncosece — lcose = k — [ cose.

The formulas are often used as Aa = (m + nsinatand)At, As
= ncosa At, where m, n refer to mid-epoch and &, & either refer
to mid-epoch or are means of initial and final values of «, 5. But
rigorous formulas must be used for long intervals or large 6.

X. Numerical values for 1950.0.
e = 23°27" n = 207.04 k = ncosece = 50”.37
m = ncote — [ = 46”.10 D=k — lcose = 50”.27,

The above are Newcomb’s values, rounded to 4 figures. They take
the mean of the stars to be at rest. But two factors affect the
fourth figure, in the ways discussed in the next section.

XI. Effect of galactic rotation and relativity. (i) It is now known
that the mean of the stars is not at rest, because the galaxy is
rotating. The effect on proper motions is of the order of 1” per
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century. See, for example, [9], [10], [3], [14, p. 382), [8] and
[7, p. 186].

(ii) The dynamical interpretation of the precession also needs
modification. The Newtonian dynamics being given really applies
in a frame rotating at 17.94 per century directly around the pole
of the ecliptic. See, for example, [3] and [12].

The effect of (i) and (ii) is that corrections of about + 07.01
and + 07.02, or a total of + 07.03, are needed by annual preces-
sions in longitude (such as k and p) if they are to be used to
determine (C — A)/C. Thus the more refined treatment of the
luni-solar precession now to be given is adapted to the value
k= 507.40 (at 1950.0) instead of Newcomb’s 50”.37.

XII. Luni-solar precession (more exact treatment). If n, a refer
to the Moon’s orbit and n’, a’ refer to the Sun’s orbit, let

3GS C—4 _3GM C-—A
T 2% C 27 20% Cc -

Here S and M are the masses of the Sun and Moon, and K, K;
are constants such that (by the theory of §V) the Sun and the
Moon would cause polar motions

K,

n,= K,cosesine, n, = Kjcosesine
and precessions in longitude
ky= K,cos¢, ky= K,cose

if the eccentricity e’ of the Earth’s orbit and the eccentricity e
and inclination i of the Moon’s orbit were zero and the Moon’s
motion were not perturbed by the Sun. Let E = the mass of the
Earth. Then

G(S + E) = n"%a’?, G(E + M) = n%d®

Thus
_3 S n?C-A . 3 M nC-A
'"28S+Ew C ° P 2E+Me C
E/S =3 X% 107% and may be neglected here. Put u = M/E. Then
3ntC-A 3 u n’C-A
Ki=35 ¢ K=o ¢
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Now

n’ _ § 1296000” /year
w/n’ 2 366.24

Using (C— A)/C=1/305.5 we find that the value of K, is
K, = 177.37 per year.

n/2
—_—= = 5308” /year.
@

3
2

DN

Also

n/

K, S/a?® 1+u
Using u = 1/81.3 and n’/n = 0.07480 we find that
K,/K, =2.172.
As 2.172 X 17.37 = 37.73, we find that the value of K, is
K, = 377.73 per year.

K, Mjad u <n>2

XIII. Allowance for eccentricities, etc. To allow for eccentricity
of orbits, we require the average of 1/r® rather than 1/a% But it
is easily shown that in a Keplerian orbit the average of r—2 is
a®(1 — e*) %% so that the factor (1 — e?)~¥2 or approximately
14 (3¢%/2), allows for eccentricity.

In addition, for the Moon, if a is defined by G(E + M) = n’%a?,
a is not the mean distance. The wvariational orbit gives

a/r=1 +é m?* 4+ m2cos 2t + O(m?),

where m = n’/n temporarily, and ¢ varies linearly with the time.
Thus

(a/r)¥=1+ % m?+ 3m%cos2¢ 4+ O(m?),

and the average of (a/r)® is 1+ im’ approximately.
Thus, omitting squares and products of e’?, e%, m?, define

®) P = (1+§e’2> K,

(9) P2= <1+ge2+%m2> Kz.



140 ALAN FLETCHER

This takes approximate account of everything but the inclination
of the Moon’s orbit to the ecliptic. The m?® correction is often
omitted in textbooks, but is of the same order as the e® correction.
A much more complete orbital correction is given in [2]. With
¢ = 0.0167, e= 0.05490, m = 0.07480, we find

(10) P, = 1.00042 K, = 17”.38 per year,
(11) P, = (14 0.00452 + 0.00280) K, = 1.00732 K, = 38”.01 per year.

P, now needs correction for the inclination i = 5°9’. We shall
prove in working out nutation (see §XXII) that the factor is
1 — (3/2) sin*i approximately. Thus let

P, = <1+;e2—g sin2i+% m2> K,

= (1.00732 — 0.0121) K, = 0.9952 K,,
or rather we shall take the more accurate value
(13) P; = 0.99537K, = 37”7.56 per year.
Then

(12)

P = P, + P, = 54".94 per year.

This is the most constant quantity connected with precession, and
Newcomb proposed to call it the precessional constant. He gave its
value as 54”.9066 per year, decreasing only 0”7.0000364 per century.
The difference of about 0”7.03 has been explained in §XI. Spencer
Jones, in (|7], p. 16), gives

P = (54”.93553 = 07.00145) per year.

Note that ¢ is slowly decreasing,
n = Pcosesine is slowly decreasing,
k = Pcose is slowly increasing,
m = Pcos’e — [ is slowly increasing, partly because ¢ is decreasing
and partly because ! is decreasing.
At 1950.0 we have (for u = 1/81.3, (C — A)/C = 1/(305.5))
P, cose = 157.94 per year,
P,cose = 34”.87 per year,
(14)
P5cose = 34”.46 per year,

P cose = 50”.40 per year (compare 50”.37 Newcomb).
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X1V. Axis of figure and axis of rotation. A polhode and herpolhode
argument shows that the difference in direction in steady preces-
sion is about

23.5 X 3600”

= 07.009.
25700 X 366

XV. Nutation. The motion of the pole of the equator may be
divided into a secular part (precession) and periodic parts
(nutation).

If at any time K is the pole of the ecliptic, P, is the mean pole
of the equator and P is the true pole of the equator (see Figure 6),
we define the nutations as follows:

(1) nutation in obliquity = Ae = KP — KP,,

(2) nutation in longitude = Ay = PyKP, positive as shown;
note that Ay also equals vov, positive as shown, and is equal to
AX, the true minus mean longitude of any star. Nutation arises
from various causes, and its complete determination is rather
complicated. Much the largest part arises from the retrogression
of the Moon’s nodes with period about 18.6 years; we shall
investigate this, and consider briefly two other effects.

K Ay

F1GURE 6. Motion of Pole of Equator

The final results of complete investigations show that the
largest terms are

Ae =9".21cosQ — 0”7.09cos 2@ + 0”.55cos 2L + 07.09¢cos 2Q ,
Ay = — 177.23sinQ + 07.21sin22 — 1”7.27sin2L — 0”7.20sin2( ,

where the largest neglected coefficients are about 0”7.02 in Ae
and 0”.13 in Ay. Here
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@ = longitude of ascending node of Moon’s orbit on ecliptic,
L = Sun’s mean longitude,
@ = Moon’s mean longitude.

XVI. Orbit of the Moon. The period relative to either the
fixed stars or the equinox is 27.322 days. The orbit is inclined
at an average inclination of 5°9’ (£ 9’ on either side) to the
ecliptic, and the nodes regress (not quite uniformly) in a period
18.60 years relative to the fixed stars, or 18.61 years relative
to the equinox.

XVII. Precessional effects of Sun and Moon. The Sun and
Moon, according to the theory of §XIII, if moving at any angle
¢ to the equator, would set up an average motion of pole n
= (P, + P,) sinecose and precession in longitude k = (P; 4+ P,) cose,
where P,(Sun) = 17”7.38 per year and P,(Moon) = 38”.01 per
year are practically constant. At 1950.0 we have

P,cose = 15”7.94 per year, P,cose = 34”.87 per year.

In investigating nutation, we shall also deal with the correction
of P, for inclination in evaluating precession.

XVIII. Effect of Moon’s orbital inclination and nodal retrogression.
In Figure 7, K is the pole of the ecliptic, M the pole of the Moon’s
orbit, P the pole of the equator. M moves backwards around K
in a circle of radius { = 5°9’. Thus P describes a wavy path. Let
0 = PKM = 180° — @, where Q@ = longitude of the ascending node
of the Moon’s orbit on the ecliptic. 8 tncreases by 2~ in 18.61 years.
If @ = Ny — N;t, then approximately

2
' 1861

As 18.61 years is long compared with a month, we may suppose
that the Moon is giving P a velocity P;cos PMsin PM per-
pendicular to PM. If ¢ and 5 are the small displacements of P
along and perpendicular to KP, we have

¢ = Pycos PM sin PM sin KPM,
7 = Pycos PM sin PM cos KPM.

¢ is the nutation in obliquity, Ae; 5 gives a secular part (lunar
precession) and a periodic part (A¢sine).

= 0.3376 rad/year.
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FiGure 7. Motion of Pole of Moon’s Orbit

XIX. Nutation in obliquity. Using sin PM sin KPM = sinisiné,
we have

¢ = Pysinisinfcos PM
= P,sinisiné (cosecosi + sinesini cosf)

1 e e 1 . . 9. .
=3 Pycosesin2ising + 5 P, sin € sin? sin 26.

But § = N,, so that integration gives

Pycosesin 2i P,sin e sin%
- cosf—————— ¢

£E= N, c an, 0s20
= — Ncos(180° — Q) — % N tanetanti cos(360° — 20);
or
1 )
Ae = NcosQ — 1 N tanetani cos29,
where
N = constant of nutation
__ Pjcosesin2i _ 34”7.87sin10°1726" 9” 996
N 2N, - 2 X 0.3376 I
and

% Ntanetani = 07.09.
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Thus
Ae= 97.23 cos @ — 0”.09 cos 22,

and this explains the major part of the nutation in obliquity
due to the rotation of the Moon’s orbit. The observed coefficient
of cosQ is 97.21.

XX. Polar motion in the direction of decreasing longitude.
7 = P,cos PM sin PM cos KPM

cosi — cosecos PM
sinesin PM

= P,(cosi cosec e cos PM — cotecos’PM).

= P,cos PM sin PM

So
# = Pycosicosece(cosecosi -+ sinesinicosf)
— P,cote(cosecosi + sin esinicosf)’

Using cos’¢ = (1 4 cos26)/2, 7 may be split up into a constant
part (giving lunar precession) and periodic parts (giving nutation).

XXI. Periodic parts.

= Pycosisini (1 — 2cos’¢)cosf — 3 P, cose sin e sin’i cos 20

3.
|

1 o 1 . . g
=3 P,cos 2esin 21 cosf — 1 P,sin 2¢ sin®i cos 26.

Thus integration gives

P,cos2esin 21 . , P,sin 2¢sin’i
e Y §inf— —————— &

- _ 20
" oN, 8N, m
2¢ . 1 . ..
= — NCOS ¢ sin @ + = Nsinetanisin 2Q
COS € 4

= — 6”.87sinQ + 07.08 sin 2Q

(using N = 97.226). Using the observed N = 9”.21, the coefficient
of sin® is — 6”7.86. Thus, neglecting the small terms in 2, the
observed N gives

£=9".21cos, n= — 6”7.86sin,
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so that the equatorial pole P describes an ellipse (shown in Figure 8)
with major axis about 18”.4 along P;K and minor axis about 13”.7,
around the mean pole P, with period 18.61 years, in the sense
indicated (remembering that @ decreases).

~ K

P

3
FIGURE 8. Polar Nutation.
The nutation in longitude is given by

Ay sine = the above periodic part of 7,

so that

1 . .
Ay = — 2NcotZesinQ—+—ZNtanlsm2Q

= —177.27sinQ + 07.21 sin 29Q

(using N = 97.226). Using N = 9”.21 gives 177.24. This explains
the major part of the nutation in longitude due to the rotation
of the Moon’s orbit.

XXII. Constant part (lunar precession). This should reduce to
Pycosesine when ¢ = 0. The constant part is given by

) . .1 . 9.
n = Pycotecos®i — Pycote | cos’e cos’i + = sine sin%i
2

1+ 3cos2t

3 . .
= P,cosesine <1 -3 sin21> = P,cosesine 1

= P} cosesine,

where
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3 .
P, =P, <1 3 sin’i ) = 0.98794 P, = 0.98794 X 38”.01

= 37”.5b per year.

The factor 1 — (3/2) sin?i is needed in dealing with the lunar part
of the precession (see §XIII).

XXIII. Nutation due to variability of the solar couple during
the year. The average solar couple (ksinecose,0,0) of §IV results
from averaging the actual couple

(2x sin?L sine cose, — 2« sin L cos Lsine, 0),

where we are supposing the Sun’s orbit circular and using L for
the Sun’s longitude and

«=3GS(C — A)/2a""

In discussing precession, we have taken account of the average
couple; we have now to take account of the periodic couple

(— «ksinecosecos2L, — xsinesin2L)

about Ox and Oy of Figure 2 respectively. Putting K, = «/Co,
these produce polar motions respectively

— Ksinecoseccos2L along Py and — K sinesin2L along KP.
But in the notation of §XVIII, these are 5 and £ respectively, i.e.,
t= — K,sinesin2L,

1
n= — 3 K sin2¢cos2L.

If L =n" = 2r/year, we have on integrating

. in? .
g=K151n60082L=Ae, y = _szlf:_‘ sin 2L = Aysine,
on’ 4n
K
Ay = — IC(?S( in2L.
2n

Using K, = 17".37/year, n’ = 2x/year, we have
Ae = £ =0".55cos2L,
Aysine =n = — 0”7.50sin2L,

Ay = ncosece = — 17.27sin2L,
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the coefficient of sin2L in — Ay being simply 1/2x X solar pre-
cession in longitude in 6 months, or 77.97/2x.
This explains the six-monthly terms due to the Sun.

XXIV. Nutation due to variability of lunar couple during the
month. Neglecting the inclination of the lunar orbit to the ecliptic,
we have quite similar results for the Moon. If n = 2x,/27%.322
= 13.37 X 2n/year, we have

Ksine 37”73 sin 23°27’ B
Ae = o cos2( = 1387 % 47 cos 20 = 07.09 cos 20,
Kacose 37”73 cos 23°27" o
Ay = — sin2@ = — 13.37 X 42 sin20 = — 0”7.21sin2Q,

the coeflicient of sin2@ in — Ay being simply 1/2x X lunar pre-
cession in longitude in (1/2) X 27.322 days. This explains the
fortnightly terms due to the Moon.

We have now derived all the terms given in §XV.

XXV. Difference between axis of figure and axis of rotation.
If the orientation of the Earth is specified by Eulerian angles,
and these have been determined as functions of the time, the
position of the axis of rotation at any time may easily be deduced
(from Euler’s geometrical equations). Woolard in ([16], p. 159)
finds that no nutation coefficient in £ or 5 differs by more than
07.0062 according to which axis is used; there is also a constant
difference of 07.0087 in ¢ arising from precession (see §XIV);
the axes may, however, differ in direction by up to 0”7.4 on account
of variation of latitude. Federov in [1] uses the axis of angular
momentum, which never differs by more than about 07.001 from
the axis of rotation.

The results in Table 1, to three decimals of a second of arc,
appear to follow for 1900.0 from ([16], pp. 153 and 159); see
also ([6], p. 78).

XXVI. Comparison of theory and observations. The usual method
has been to solve for the nutation constant N, all other nutation
coefficients being regarded as known multiples of N. It appears
from ([5], p. 224) and [6] that the difference of one or two hundredths
of a second of arc between the calculated (rigid body) and the
observed values of N may be accounted for geophysically (some
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Table 1. Coefficients for Nutation

£ = Ae¢ (obliquity)

cosQ cos 20 cos2L cos 2@
Rotation +97.210 — 07.090 + 0”7.552 + 0”7.088
Figure +9 209 —0.090 +0.55  40.094
Difference + 0 .001 0 —0 .003 — 0 .006

n = Ay sine

sinQ sin 2Q sin2L sin 2@
Rotation — 67.858 + 07.083 — 07.507 —07.081
Figure — 6 .857 + 0 .083 -0 .510 — 0 .087
Difference —0 .001 0 + 0 .003 + 0 .006

ncosece = Ay (longitude)

sin Q sin 2Q sin2L sin 2¢
Rotation — 177.233 + 07.209 — 17.273 —07.204
Figure — 17 .230 + 0 .209 —1 .280 —0 .220
Difference -0 .003 0 + 0 .007 + 0 .016

Earth models would allow a greater difference, and the actual
difference is well within the bounds of possible explanation). For
astronomical purposes, it seems sufficient to adopt the observed
value of N.

Federov in [1] (see also [6]) has determined the chief coefficients
independently, and considered phases (by determining a cosine
coeflicient when rigid body theory predicts a sine term, and vice
versa). He appears to find no clear difference from the usual
ratios and phases which is of much importance for practical
astronomical purposes.
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Né; 1 Z* A 1 8 Victor Szebehely
On anIrreversible Dynamical System

with Two Degrees of Freedom:

the Restricted Problem

of Three Bodies

Introduction. The three series of lectures, which I delivered at the
Yale Dynamical Astronomy Institutes of 1961, 1962 and 1963
respectively on the restricted problem, dealt with three different
faces of this celebrated problem in dynamics.

In the 1961 series of lectures I set a rather ambitious goal and
followed a qualitative approach. Birkhoff’s and Poincaré’s funda-
mental contributions formed the basis of these lectures, which dealt
with periodic motions, reducibility, regularization, regions of possible
motions, etc.

The 1962 lecture series concentrated on what might be termed the
formalistic treatment of dynamical problems. The powerful tools of
celestial mechanics, canonical transformations and variables were
used and the pertinent equations of motion were derived. Performing
regularizations within the framework of canonical transformations
requires the introduction of the concept of the extended phase space.
Once the method of canonical transformations is extended to this
2n + 2 = 6 dimensional space, a great variety of forms of the equa-
tions of the restricted problem are obtainable. As examples,
Cartesian rectangular coordinates (synodic and sidereal), polar
coordinates, Delaunay variables, Poincaré’s variables, etc. were
derived.

150
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The third series of lectures, delivered in 1963 at Cornell University
under the auspices of the American Mathematical Society, presented
the quantitative results of the restricted problem. The numerical work
of the famous Copenhagen school was used as a basis with which
G. Darwin’s, F. Moulton’s, and V. Egorov’s results were compared.
A large number of recent contributions were reviewed and the
existence of certain families of orbits at various mass ratios was
established.

The trilogy described above followed the three approaches to
dynamics. Because of the different nature of these investigations,
their results are also substantially different and repetitions are easily
avoidable. Nevertheless, all three are designed to gain a better
understanding of the same nonintegrable, irreversible, two-degree-
of-freedom dynamical system.

The vast amount of material covered in the three lecture series is
not suitable for condensation in a short article. A thorough treatise
of the restricted problem with its applications will shortly appear in
my book, Theory of orbits—The restricted problem of three bodies,
Academic Press, New York (to appear in 1966). However, the
present article should be useful to those readers who wish to become
familiar with the basic ideas of the restricted problem and who wish
to see its relation to the general problem of three bodies, to regular-
ization, etc. A few typical results of the formalistic and qualitative
approaches will be sketched. The considerable collection of references
will enable the reader to pursue the subject further.

Statement of the problem and equations of motion. The problem
under discussion is the restricted problem of three bodies (probléme
restreint). Two bodies (assumed to be point masses and called
primaries) revolve around their center of mass in circular orbits
under the influence of their mutual gravitational attraction. A third
body (which is attracted by the previous two but is not influencing
their motion) moves in the plane defined by the two revolving bodies.
The problem is to determine the motion of this third body.

Let the masses of the two primary bodies be m; and m., their mean
motion (angular velocity) n, and their distance ! (see Figure 1, in
which [ = a 4+ b). Then

1) kE*M = n%?

where M = m, + m,.
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The center of mass of the system is located on the line connecting
m, and m,, and its distances from m, and m, are respectively

mll mzl
a=—-; b=—.
M M
Taking the origin, 0, of a fixed inertial coordinate system (X, Y)
at the mass center, and using + for time, the equations of motion

referred to this system will be

(2

d’X oF d'Y oF

di? 94X’ drf Y’

where F is Poincaré’s ‘“‘force function” or the negative potential
energy and it is given by

(3)

(4) F—p <"_’1 4 @)
P [ 4]
with p,, and p, being the distances between the primaries and the
third body.
We note that the Hamiltonian,
1[ /dX\? dY\
®) H=§[<?>+<37”_F

is not constant, since F depends explicitly on the time,
F=F(xY,1).
. P

P2

,Snr 5> X

M 7

m,

F1GURE 1. The Restricted Problem in Fixed (X, Y)
and Rotating (£,4) Coordinate Systems




AN IRREVERSIBLE DYNAMICAL SYSTEM 153

Introducing a uniformly rotating coordinate system (&,7) with
origin at the mass center, so that m; and m, are located on the ¢ axis
with coordinates (b,0) and (—a,0), the equations of motion become

d2£ 9 dy OdF*

PR R T

6
d-* n(?;— an
where
(1) F* = F o one 4+ )
and
(8) pi=(E— b+ ps=(E+a)’=q2

The introduction of nondimensional quantities simplifies the equa-
tions. Let

ng/l’ y=7l/l) rlzpl/l’ r2=p2/l,

t=nr, and Q= F*/I’n%

my
u = A_4 ’
The equations of motion in nondimensional form are

dzx_ d_y_aﬁ

dag dt  dx’
(9) : _
&y, jdx 0
de* dt a3y’
and we have the relations
— 1 1-
(10) o=@+ + L4+ —F
2 re r
and _
(11) ri=(x—-p’+y, rnB=@+1-w'+y.

Equations (9), (10) and (11) represent the problem in conven-
tional nondimensional quantities. The corresponding physical
picture is as follows: the two primary bodies are located on the x axis
which rotates with unit angular velocity; the coordinates of the
primaries are P; (x,0) and P, (» — 1,0), and their masses are 1 — u
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and p, with 0 < £ 1; the distance between the primaries, their
total mass, their angular velocity and the gravitational constant are
unity.

The Jacobi integral is obtained by multiplying the first of equa-
tions (9) by 2dx/dt and the second by 2dy/dt, adding and integrating:

&) (@) m-c

where C is the constant of integration.

We note that according to Equations (9) the partial derivatives of
Q completely determine the problem, therefore adding a constant to
the expression for @—as given by Equation (10)—will not change
Equations (9), but will influence the value of C in Equation (12).
A symmetrical form of Q is obtained by adding the constant quantity
u(l —u)/2 to Q. Let 0= G-I— %u(l — pu), or

1 ! < 1-—-
(13) 2= 5 [(1— wri+ urf] + L4 E
ry r
The new Jacobi constant C is related to the previous one by
C=C+u(l —p.

The final set of equations, with the notations

=6—9 52=0—Q Jc'=ﬁ etc.
oax’ Y oy’ dt’ ’
becomes:
(14) X—2y=4q, ¥+ 2% = Q,,
(15) )’ + W*=20-C,

where Q is given by Equation (13).

Relationship to the general problem of three bodies. The general
problem of three bodies is defined as follows: three particles attract
each other according to the Newtonian law of gravitation, they are
free to move in space and are initially moving in any given manner;
find their subsequent motion. Their masses are m,, m,, and ms, and
their position vectors from the origin of coordinates are ry, ', and 73
(see Figure 2).
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iz
m, Vi mq
<
ry Tz
ra T A
>
0 4 mg
rs

F1GURE 2. The General Problem of Three Bodies

The potential function of the system is

(16) V= i <m1m2 moms m3m1>
Irel  |Fal  |Fal
The equations of motion can be written as:
2= V .
oY) m;ri= — 6_ 1=1,2,3,
ari

where the right-hand sides represent the gradients of the potential
in the directions of the position vectors. These equations can also be
written as:

. ) ro—r, —r
r k’m + k*m
' 2| rp—rl? 3|"3—"1|
. ; ry—rg ; r—ry
(18) ry= —kmyg—=— ot B*m—— 2
|"2—"3| |7'1—7'2|
) rs—r{ . re—r
= — k’m, — L
|rs — ri] |re — r3)

Equations (18) describe the general case of the problem of three
bodies with Newtonian gravitational forces. The structure of these
equations is of some interest inasmuch as the masses m,, m,, and m,
are missing from the first, second, and third equations respectively.
This fact does not ““‘uncouple” the equations since all three position
vectors occur in all three equations.
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The terms appearing on the right-hand side have specific physical
significance. The first term on the right side of the first equation,
for instance, represents the force per unit mass acting on the first
body due to the presence of the second body. The second term on the
right side of the same equation represents the force per unit mass
acting on the first body due to the presence of the third body.

Decreasing the mass of the third body will reduce its influence on
the motion of m, and ms, i.e., as m;— 0 the first two of Equations
(18) become

- .. Ti—h
r1=—-kzm2—_—T.d,

|Fr— 7

(19) o
e . rs—r
ro = — kzml—:z—_la,

|ry =i

while the third equation will not change. This step does uncouple the
equations since the motion of m; and of m, can now be determined
without considering the effect of the third mass by solving the 12th
order system of differential equations (19).

The third equation of (18) requires comment since if in the first
two equations m, = 0 (which gives Equations (19)) then the third
equation should be 0 = 0. This is because the usual derivation of the
third equation of (18) from the third equation of (17) by dividing
through by m; is not permitted when m; = 0. Continuing to use the
third equation of (18) constitutes the approximation which creates
the restricted problem of three bodies. In effect, the assumption is
made that m; > 0 but that m, is sufficiently small so that it does not
effect the motion of m, and of m, That is, Equations (19) are
approximate while the third equation of (18) is exact. The system
of equations consisting of Equations (19) and of the third equation
of (18) represent the true dynamical system only approximately;
the degree of approximation is given by the “smallness” of the terms

R R

my——m—r, and my————r
|rs— 1y |ry — 13
as compared to the terms
rn—r r—rs
my————=v, and m)——r
|ry — 7 ry—rnr;

respectively.
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The effects of the first two bodies on the motion of the third is
given by the third equation of (18). Accepting the above-mentioned
approximation, one might solve Equations (19), substitute the solu-
tions into the third equation of (18), and obtain the sixth order
differential equation for the motion of the third body:

ry(t) —rs
) —
where now r;(f) and r,(¢) are given functions of the time and of the
initial conditions, and r; is to be determined as a function of time.

Equation (20) describes the restricted problem of three bodies.
The ““restriction” is equivalent to the assumption according to which
the motion of the first two bodies is not influenced by the third, while
the motion of the third is determined by the masses and by the
motions of the first two.

Equation (20) can be generalized to

(21) rs = fmy, mo, 71(8), 75(8), 75),

where r; is the only unknown function of time, m;, and m, are given
constants and r{(¢) and ry(f) are also given as functions of the time
and of their initial conditions.

The function f in Equation (21) represents the force field which in
Equation (20) was the Newtonian gravitational field. In addition to
Equation (21) the initial conditions of the third body will be needed,
in order to determine its motion.

The classification of the various forms of the restricted problem
follows from the above remarks and is based on Equation (21).

1. Depending on the force law, f, we speak of Newtonian and
non-Newtonian problems.

2. Depending on the initial conditions for r| and r;, in the New-
tonian case, we speak of the circular or of the general-conic-section
restricted problems.

3. Depending on the initial conditions of the third body we dis-
tinguish between the planar and the three-dimensional restricted
problems. In a Newtonian gravitational field the first two bodies
(primaries or principal bodies) will always move in a plane. If the
third body’s initial velocity vector is in the plane determined by the
orbits of the primaries, it will stay in this plane; this is the case in
which Equations (14) and (15) are applicable.

(20) Fom —km, 3 r‘(t)|3+ Km

75 — ()
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4. Further classification is possible by specifying the m,/m, ratio.
The Copenhagen restricted problem, for instance, is distinguished by
using unity for this ratio.

Reductions of the order of differential equations of motion. The
fourth order system of Equations (14) can be reduced to a third
order system by making use of the Jacobi integral, Equation (15).
One way to accomplish this is by introducing the angle z between
the tangent to the orbit and the positive x axis as a new dependent
variable:

d

(22) z=arctan 2.
dx

We will show that the equations of motion become:

1 = A(x,y)cosz,

(23) y = A(x,y)sinz,

2= — 2 — A,sinz+ A,c082,
where
(24) A= (20— OV

The proof of the first two equations of (23) is as follows. If s
denotes the arc length,

dx dy .
—~— = C08 2, — = sinz
ds ds ’
and so
. X, . .
x=Es———Acosz, y = Asngz,

since the absolute value of the velocity vector s is obtained from the
Jacobi integral as

2
(3—?) = (2)*4+ (MN?=20— C= A%

The proof of the third equation of (23) requires the evaluation of
Z from Equation (22):
. yx—yx
T
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Using Equations (14) to eliminate X and ¥, and the first two equa-
tions of (23) to eliminate x and ¥, we obtain the desired result.

We note that an alternate approach would be to use the first two
equations of (23) as definitions of a transformation without reference
to Equation (22). In this way we have % = Acosz,y = Asinz and
consequently % = Acosz — AZsinz and ¥ = Asinz+ AZcosz, from
which Az can be obtained; Az = ¥ cosa — %sinz. By the same elimina-
tion process as before we can obtain the third equation of (23).

Equations (23) represent the third-order version of the problem in
the form of three first-order differential equations with x,y,2 as
dependent and ¢ as the independent variable. The significant fact is
noted that these equations can be written as

i=¢(x,y,2),
(25) y=1yl(x,y,2),
z.= X(x}y7 z)'

That is, the right-hand members do not contain the time. This fact
allows a physical interpretation of the equations by an analogy and
also assures further reduction of the order by elimination of the time.
Consider a flow field with velocity vector v = v(r, t), where ris the
position vector and ¢ is the time. This velocity vector gives a descrip-
tion of the flow field since at every point rin the field, at any time
t, the velocity can be evaluated—excepting singular points. A flow
field is called steady if
v
-
i.e., if none of the velocity components depend explicitly on the time.
The velocity components defined by Equations (25) can be inter-
preted therefore as the description of a steady flow field.
The continuity equation of hydrodynamics is

dp e
&4— div(pv) = 0.

where p is the fluid density. For an incompressible fluid » = constant
and the continuity equation becomes
divy =0,

or using the notation of Equations (25)
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¢+ ¢y +x:= 0.

Since the ¢, ¥, x velocity components, as given by Equations (23)
satisfy this equation, the dynamical problem is analogous to the
three-dimensional steady flow of an incompressible fluid.

It should be remarked that the flow is not a potential flow since

curlv # 0;

direct computation of the six partial derivatives ¢,, ¢, Vo Yo Xoo Xy
from Equations (23) will establish this.

The function A contains C, therefore Equations (23) will deter-
mine a flow field for each given C value. By changing the constant
of integration, C, the streamline picture will change. For a given C,
Equations (23) will determine the totality of motions of the dynam-
ical system and also the corresponding streamlines, providing that
the inequality.

<is->z= 20(x,y) — C2 0
dt s =

is satisfied.

The streamline representation is singular when A =0 or when
A— . The first case corresponds to zero velocity, the second to
collisions at P, or P.,.

Poincaré’s original flow analogy is similar to but not identical in
detail with the one just given, and should be mentioned also. Let
X = X, ¥y = Xy, X = x3, and y = x,. Then the equations of motion can
be written as

x1= X3,
x2= X4y
0Q(xy, X,
Xy = 2x4+_(_12—)’
ax,
aQ(xy, x.
= —2x3+——( b %) ’
dax,
or
xi:Fi(xlsx2yx3yx4)y izl,"'y4-

It can be seen that divo = 0, i.e.,
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4 9F,
— =0,

2

=1 9x;

so we are dealing with the four-dimensional, steady stream-line flow
of an incompressible fluid. The actual motion of the particle corre-
sponds to those streamlines which lie on the

x5+ xi — 2Q(x3,%9) + C=0

three-dimensional hypersurface.
Equations (25) can be written as

d
(26) dr _dy _ d_z,

¢ ¥ x
from which

dz ¥
27) &
On the other hand Equation (22) gives
dz d , y”

(28) E.;— aarctany = T(y/)z,

where vy’ = dy/dx.

Substituting for x and ¢ in Equation (27) their expressions as
given by Equations (23), eliminating z by Equation (22) and
equating the right sides of Equations (27) and (28) results in a
second-order differential equation describing the dynamical system
(excepting at points where the transformations are singular):

1 AV
y = +(y)[

(29) A

Ay— ALY £ 2(1+ (7))

It should be noted that elimination of time and use of the Jacobi
integral can be combined and the above second-order differential
equation can be obtained in a single step directly from the original
fourth-order system. The general solution of (29) will contain the
following three constants of integration: C which is included in A
and the two constants which enter when (29) is integrated. The
complete solution of the original fourth-order system requires the
determination of the time dependence of the variables. This process
will result in the fourth integration constant. To establish the time
dependence, we write the Jacobi integral as
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D1+ ()] =A%

where the y = %y’ relation was used. The time is evaluated from

the last equation as

21,2
S X LA

Here ¥’ and A(x,y) are functions of x only since y(x) has been
obtained from Equation (29).

Regularization of the restricted problem. The main purpose of this
section is to show how regularization is performed within the frame-
work of canonical variables utilizing the concept of the extended
phase space. We will conduct the discussion on a generalized level so
that the reader can use this section as his starting point for the
solution of new problems.

The treatment starts with the Hamiltonian in a rotating rectang-
ular Cartesian coordinate system:

1 . .
(30) H= B (Pf + Pé) + g0y — qip2 — Flq, g5,

where q,, ¢, are uniformly rotating Cartesian rectangular coordinates
(corresponding to x and y of Equation (14)), and p,, p, are the con-
jugate momenta (p, = ¥ — y, p,=y + x). We also recall that the
gravitational part of € is
1 —
F=-—t4 5

r ry

where
(31) rP=(q—w'+¢i and ri=(g+1-w'+ ¢

The generating function to be used is a so-called extended point
transformation:

(32) W; = p.f(Q,, Q) + P:8(Q, Q)

where f and g are conjugate harmonic functions of the new coordin-
ates @, and Q..

The corresponding transformation equations are
oW, W,

and P,=— 1=1,2.

(33) :
e ap; Q;’
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First the coordinate tranformation is performed in the phase space
then the transformation in the extended phase space is executed.
Equations (32) and (33) give

(P} + PY),

ol -

pi+pi=

where

D@, Q) = <aac£1> +<0Q1>2'

The new Hamiltonian also requires the computation of the g,p;
— D2q, term, which is obtained by substitution:

55| Piag '+ 8) —Pag (P9 |.

96h

Therefore the new Hamiltonian becomes

34 H- [P2+ Pé+<Pl

5 2 )@+ - F @@ |,

Q, 3 @

where in computing F we write f in place of q; and g in place of ¢, in
Equations (31).
The equations of motion are

Q= 55| 2Pt s () |,

(35) o 9
Q= 2D[2P2-—Q<F+g‘)}
P1= —g—gl,
(36) v
B, = ‘%'

Inspecting the last term of H we realize that Equations (36) have
singularities at the primaries.
In the extended phase space we have the Hamiltonian

(37) r=P3+%){Pf+Pé+(Plain Q)(f‘+g‘)}
~ F(@,Q),
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and the equations of motion are reducible to Equations (35) and (36).
We now introduce I'* = DTI' and obtain

1 d d } ~

) 1% = DPy+ o P+ it (Piso— Pay ) (*+8) | - DF,
2

and with this the equations of motion using the new time variable
() can be established. The relation between dt and dt_ is dt = Ddt
since I'* = DT. Denoting derivatives with respect to dt by primes,
we have

,_ 9
Ql—apl, Pt_ ain 1—17273a
or
AT 2
Q=P+ 2sz(f + g9,
(39) 2 2
Q= Pz—éa—Ql(f + g9,
Q=

The last equation is dt = Ddt as expected. Introducing
¢ (Q1, @) = f(Q), Q) + 18(Q,, Q),

and
lo|*=f+ &,
the second set of the Hamiltonian equations of motion becomes
aD 1 9*
pi— - piP_ {p & ] 4 (pP),
‘ a2l Dageq, - Pagllel T ?Q n

(40) aD 1[ 9* 8* ] .
= — Py— — 2| Pi—— Po———+ ||0|°+ =
2 %9Q, 2L 'e@F " %6Q.0Q, |l +aQ (D),

P;=0.

The last equation expresses the fact that H = constant. The singu-
larity problem appears in the last term of the first two equations of
the system (40) and it can be solved by selecting the proper D func-
tion, i.e., specifying f or g.

Equations (39) and (40) represent a sixth-order system, or
omitting the last equation in both groups, we have a fourth-order
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system of equations which is equivalent with Equations (14). To
show this the reader will have to compute @7 and @4 from Equations
(39) and substitute in the resulting equations the values of P and
P; as given by Equations (40). The two second-order equations
obtained this way are

a /1 -
i’—2DQé=——D<—|¢|2—P3+F>,
I, 2
(41)
/” ’ a l 2 It
Q3 +2DQ1——6Q2D<2|¢| P3+F>.

For further comparison we recall that |¢|*=¢qi+qi=r" by
Equations (33). From this it follows that

1 . ~ 1 ~
§|¢|Z_P3+F=Q—§#(1*#)+H,
or
1 . ~ C
42 Zlel® — —g_=
(42) 2|<1>| P+ F=2¢ 5
Substituting Equation (42) into (41) gives

Q1 - 20 = .>-D(2 - 9) ,

(43) ey 2
V4 /_i _
2—|—2DQ,—6Q2D<Q 2).

Finally, using u for @,, v for @, M@, Q) for D, and Q* for
D(Q— C/2), we have
u” — 2w = QF,

(44)
v 4 22 = QF,

a special case of which is Equation (14), viz. A = 1.

Generalization of the problem. Equations (44) represent the re-
stricted problem in the (u,v,t) system which is obtainable from the
(x,,t) set of variables by the relations given in the previous chapter.
It is essential to note that the type of regularizing transformations
introduced does not change the general form of the equations. This
remarkable invariance suggests the importance of the equations of
the type given by (44). But one might go even further in the general-
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ization of the problem. The class of dynamical problems described by
the Lagrangian

1 . .. . .
(45) L= 3 (g7 +G3) +q12(q1,99) + 928(41,92) + v(91,92)

leads also to equations like (44), since the equations of motion will
contain only certain combinations of the three functions «,8,7v; i.e.,
the dynamics of the system can be represented by two functions
only—corresponding to A and Q*.

Another example leading to Equations (44) is the elliptic restricted
problem, also called the semirestricted problem. Here the primaries
move on elliptic orbits instead of circles. By selecting proper vari-
ables this dynamical problem is also reducible to equations identical
in form to Equations (44), with the important difference that the
dependent variable appears explicitly in Q*.

Generalization of the variables which describe the dynamical
system and generalization of the dynamical system itself leaves
Equations (44) invariant, as I have demonstrated with some
examples above. Equations (44) describe the conventional probléme
restreint in a Cartesian rectangular synodic coordinate system with
A =1, with appropriate @ and with the time as the independent
variable. If A = A(u,v) and the time is transformed as described in
the previous chapter, we obtain the regularized equations of motion.
With A = 1 and with the true anomaly as the independent variable,
the elliptic problem is represented. Finally with X = (8, — ag,)
Equations (44) represent all dynamical systems whose Lagrangian is
given by Equation (45).

The general importance of Equations (44) in dynamics was recog-
nized by Poincaré and by G. D. Birkhoff. The presence of the first-
derivative terms (referring to either Equations (44) or (14)) render
these equations irreversible since changing the sign of the indepen-
dent variable does not preserve the equations. The structure of the
equations is such that as long as the independent variable does not
appear explicitly in @, an integral of the system is always available
for any A function. This is not surprising since the appearance of the
X function is not an essential part of the dynamical description of the
system. The major difficulty of the dynamical system originates
partly from the fact that A 0 and partly from the complexity of the
Q2 (or %) function.
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If the problem is changed into the discussion of a single-degree-of-
freedom dynamical system, the situation is alterad completely and
one gets ¥ = f(x), an unquestionably uninteresting equation.

The essential features of two-degrees-of-freedom irreversible
dynamical systems are therefore contained in the equations

x—zy:ﬂx,
y—f—21','=9y

The fact that these equations also describe the restricted problem
of three bodies is rather significant since the restricted problem
occupies a critical place in celestial mechanics being the simplest
nonintegrable problem of definite physical importance.
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Problems of

Stellar Dynamics

1. Introduction. Stellar dynamics is a relatively recent branch
of dynamical astronomy. It has been developed mainly in the
present century as a part of astrophysics. Many authors have
considered dynamical problems in their study of stellar clusters,
the Galaxy and the other galaxies, or clusters of galaxies.

However there are some books devoted exclusively to stellar
dynamics as a special discipline.

Smart’s book, Stellar dynamics [1], deals mainly with the kine-
matical aspects of stellar dynamics, namely the solar motion, the
two star-streams and the ellipsoidal theory of stellar velocities, the
statistics of the distribution of stars around the sun, etc. Only a
minor part is devoted to the dynamical problems of stellar clusters
and of the Galaxy. However this book includes a lot of useful
material.

A classical book in stellar dynamics is Chandrasekhar’s Principles
of stellar dynamics [2]. Chandrasekhar’s book is mainly devoted
to his own work on stellar systems. He finds first a complete formula
for the time of relaxation of a stellar system, and then he discusses
at length the quadratic solutions of Liouville’s equation. Some
applications of his work on the dynamics of the clusters and the

169
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Galaxy are very interesting. The Dover edition of this book contains
also Chandrasekhar’s discussion of dynamical friction and an ex-
position of his views concerning the statistical mechanics of
stellar systems.

A broadly similar pattern is used by von der Pahlen in his
Einfiuhrung in die Dynamik von Sternsystemen [3). However,
von der Pahlen insists more on the observational part of stellar
dynamics.

A rather different approach is due to Kurth, An introduction
to the dynamics of stellar systems [4]. Kurth discusses the three
main approaches to the problems of stellar dynamics, the n-body
problem approach, the continuum approach, and the statistical
approach. He gives a number of interesting theorems concerning
the first two approaches (some of them not well known before),
but he disregards completely the third approach, which he con-
siders as impossible.

Galactic dynamics has been considered by B. Lindblad in a
very good review paper in the Handbuch der Physik [5]. A rather
short review, Recent developments in stellar dynamics, is given by
Camm in Vistas in Astronomy [6].

Two Russian books on this subject have appeared lately. One
is Ogorodnikov’s The dynamics of stellar systems [7]; this is to be
published in English by Pergamon Press. It deals with the kine-
matics and dynamics of stellar systems in general and of the
Galaxy in particular.

The second book is Idlis’ Structure and dynamics of stellar
systems [8]. It deals with the dynamics of the Galaxy and of the
other galaxies, considered as stationary stellar systems.

In general all these authors consider stellar dynamics quite
separately from classical celestial mechanics. However, both
stellar dynamics and celestial mechanics are parts of dynamical
astronomy. Their subject matter is essentially the same— the
gravitational interaction of a number of material bodies—and
some of their methods are similar.

Of course there is one important difference between them. The
number of gravitating bodies in the case of stellar dynamics is much
greater than in celestial mechanics, and this introduces a number
of new and very difficult problems. In order to discuss these new
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problems, new methods have to be introduced in many cases.
However, there are many cases where stellar dynamics can profit
from the methods and experience of the classical celestial mechanics
and, likewise, methods developed in stellar dynamics can be
applied to problems of the solar system.

This interchange of ideas has not been done to a satisfactory
degree until now. It would be profitable to bring these two
disciplines much more closely together into a wunified whole.

The present chapter contains essentially my lectures at the Yale
University Observatory in 1962. It deals with some of the major
problems in this field and indicates the points where research is
under way or should be desirable. Further it gives the necessary
references until 1962, or 1963 in some cases.

Three different techniques have been used in most work in stellar
dynamics. Our treatment will discuss these more or less separately,
and we now indicate what the three are.

(a) The n-body problem approach. Any stellar system is com-
posed of n gravitating bodies, interacting according to the law of
Newton. The equations of motion can be solved numerically if the
number of stars is small, and this often gives an adequate solution
of the problem. Such integrations have been done lately by S. von
Horner [9], [10] and have given interesting results.

However, if the number of the stars is great, even the most
powerful electronic computers are unable to calculate their motions.
On the other hand one can find a number of general theorems about
a system of n bodies that can give us some information about the
behavior of the system in general. Such theorems are the virial
theorem and the theorems of Poincaré and Hopf. Unfortunately
no complete description of the behavior and the evolution of stellar
systems can be effected by the available theorems. Therefore the
most accurate method of dealing with the problems of stellar dy-
namics is, in general, insufficient.

(b) The continuum approach. When the number of stars in a stellar
system is big enough we may consider the system as a gravitating
continuum, i.e., we may consider the smoothed out gravitational
field that we would have if the stars were pulverized and their
matter distributed evenly in the interstellar space. More accurately,
we consider that the phase space is evenly filled by points repre-
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senting the positions and velocities of the stars in the actual space.

This procedure is justified as regards the action of the distant
stars on any single star of a stellar system; because in that case
the potential of a great number of stars is almost the same as that
of a gravitating continuum. However, this approach neglects the
interaction of a star with its neighbors. In a close approach of two
stars, their motion is influenced mainly by each other and the action
of the distant stars may be considered only as a perturbation. This
is the main limitation of the continuum approach.

However, in most stellar systems the time of relaxation is very
great, so that in the mean the close encounters have a relatively
small effect on the dynamics of the stars. In general a star can
make at least some revolutions (sometimes a great number of revolu-
tions) around the center of the system before its orbit is changed
appreciably because of close encounters with other stars.

(c) The statistical approach. In most cases statistical methods are
used in stellar dynamics. The calculation of the time of relaxation
or of the mean free path of a stellar system, and the study of the
distribution of velocities or of the density distribution of a cluster,
require such methods. It is true that this approach has one basic
difficulty; a consistent definition of probability is, in most cases,
not given. However the statistical methods have given many in-
teresting results about stellar systems in general. The verification
of these results is one of the main problems of stellar dynamics
at the present moment.

I1. The n-body problem approach.

1. The Virial Theorem. The classical virial theorem is due to
Lagrange and Jacobi. Lagrange was the first to apply it in the
problem of three bodies; Jacobi applied it to the n-body problem.

The equations of motion of the n-body problem are

. A4
mix;= — ——,
ax;
aVv .
(1) miyiz o (L=1’2,"'9n)9
dy;
) iV
m;z;

62,‘ ’
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where

(2) V= -
r

Yy ix))
i=1j=1 i
is the total potential energy of the system and r; is the distance
between the stars i and j.

Let the distances of the n bodies from their center of mass be
ri; then the moment of inertia about the center of mass is

3) J= anmifﬁ

By differentiating it twice we find

(4) %J'=§miﬁ2+gmir_,-ﬁ
But

(5) imi?: 2T,

where T is the kinetic energy of the system with respect to its
center of mass.
Further
2ominiri =3 m(xiE + yi Vi + 2:5)
=1 i=1
(6)
_ ¥ <an LoV +"V2A>
S\ ey Yi dz;

and this last quantity is equal to V, because V is homogeneous
of degree — 1 with respect to x;, yi, 2.
Hence

(7 %J =2T+V,
and as T+ V = E (the total energy), we get
(8) %J=E+T=2E—V.

This is the Lagrange equality.
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If a system is stationary, so that its form does not change in
the mean, then J =0 and

9 2T+ V=0.

This equation is usually called the Virial Theorem. A more general
form of the same equation is

(10) @Y+ (Vy=0,

where the symbol ( ) means time average for t— ». This equation
is valid when a system remains bounded. It would be valid also
in a system expanding slowly, so that J — const. (J—0). But such
a case is probably exceptional.

Some important consequences can be drawn from the Lagrange
equation. If E > 0, then jJ > E > 0.

Hence J > 2Et+ ¢ and J > Et?+ ct + ¢’, where ¢ and ¢’ are
constants. Therefore J — « as t— =, and if m is the greatest
mass of any star,

(11) Ay

v

J;

i.e., the distance of the representative point (x;,¥i,2) (in the space
of 3n dimensions) from the origin tends to infinity.

o ,—\\

N

0 f)

FiGuRgE 1. Oscillations of Two Stars




PROBLEMS OF STELLAR DYNAMICS 175

This does not necessarily mean that one star will actually escape
from the system; in fact, although the sum of the squares of the
distances of all the stars from the center of mass increases con-
tinuously, the individual distances may oscillate in such a way
that no star actually escapes from the system. This fact is illustrated
by Figure 1, where the distances of two stars from the center of
mass oscillate alternatively with increasing oscillations. In real sys-
tems once a star has gone very far, it comes under the influence
of other fields and can be considered as lost from the original system.
However it would be of great theoretical interest to determine
under what conditions oscillations of the form of Figure 1 are pos-
sible in an isolated cluster.

It has been assumed by some authors that the escape of stars
from a cluster must be effected in pairs or even triples, in order
that the center of mass should not move. However this is not neces-
sary. It is most probable that only one star is ejected at a time,
while the rest of the cluster recedes with respect to the center of
mass so that the equalities

n n n
Domixi=p myi=y.mz=0
i1 izl izl

persist.

If E> 0, and one star is ejected, it is most probable that the
energy of the remaining cluster with respect to its new center of
mass is again positive; therefore another star also will probably
be ejected, and so on. It is for this reason that stellar systems of
positive energy are disintegrating. Such systems are the associa-
tions which are expanding with rather big velocities and disintegrate
completely in some millions of years.

If E <O there is almost no known criterion to decide whether
a stellar system will eject stars or not. A partial answer to this
problem is given by Hopfs theorem, that is mentioned below.
Further work on this problem has been done by Chazy [11], [12],
[13] in the case of the three-body problem, and by the Russian
authors Khilmi, Merman, Schmidt, etc. A book by Khilmi, Quali-
tative methods in the many body problem, has recently been translated
into English and German [14]. One can find there references to the
Russian literature on the n-body problem. Further a Review of
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Soviet celestial mechanics literature including a great amount of
material has been published by the U.S. Department of Com-
merce [15].

A number of systematic generalizations of the classical virial
theorem have been given lately by Chandrasekhar [16], {17].
These are the tensor virial theorem, and the virial theorems of
order higher than the second. The virial theorem for the n-bodies
in the post-Newtonian approximation of general relativity has
been considered by Chandrasekhar and Contopoulos [18].

If we multiply the first equation of the system (1) by y; and
add all the terms with different i we get:

(12) domiEy; = — Zyiﬂ
i1 -1 0x;
or
“ d . " L. n n Ax — x:
Zmi—(xiyi) - Zm.‘xiy.‘= - Zmiyi Z gﬂ](js—*x")
o1 dt i=1 i=1 J=13jmi r;
(13)
_ l Z": 2 Gmymy(x; — x) (s __ZL)
20 -0y "3
If we write
1< o Gmim(x; — x) (¥i — Y
(14) s G BNy
200 jeTiwi r
and
12 ..
(15) § Zmixiyi = Txy,
i=1
then
1 d .
(16) 2Ty + Vo= Zmia(xiyi).
i=1

V,,and T, are the potential energy tensor and the kinetic energy
tensor respectively.

In general if we multiply the first equation of the system (1
by x¢y’zf and add the corresponding terms we find




PROBLEMS OF STELLAR DYNAMICS 177

) Z mikxlylzl = — Z xiytztl”

or

ax;’

mex“yf’zf—azzmx2 Pyl

—mexy,x“y,b 1”—chxzx"yf’ i1
i=1 =1

(18)
Gmimjx?yfzf(xi - xj)

i=1 j=l;j#i Ty

b b
5 Gmym(xiyiz — x7yiz) (xi— x;)
2 3 :
i=1 j=1;ji ri

But if we set

19 x=x+(x—2x), yi=yi+(yi—y), z=2z+ (z.—2z),

we find
x{yizi — xy)zs
(20)

1 b—1 ¢c—
zzz CoCCexs Pyt 2 (x: — %) "3 — ¥z — 2)".

Thus if we write

(21) Z mxy zixtyizl = Tomiaer
and
22 -1 Lo Gmmy(x — )%y — ¥) ' — 2)°x vl _v,.
203 i r el
we find
d

dt TlOO;abc = aTZOO;a—I,bc + lel();a,bfl,c + CTIOl;ab,c—l
(23)

a [ Yald
qu Cr Vp-+—1,q,r;avb,b—-q,c7r-

ST
IIM}

2%
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%

FIGURE 2. Integration Element in a Star Cluster

(a) Applications of the Virial Theorem. A well-known application
of the classical virial theorem is for the determination of the mass
of a cluster in a stationary state. If we define a mean square velocity
by the formula T = Mv-z/2 where M is the total mass, Equation
(9) for a system of stars of equal masses gives
n(n — 1)m* GM z

(24) MvT= - Z Z

m;m;

=G

i=1 j=1;j#i r r* r* ’
where r* is defined by
nn-—1 14 & 1
25 2= el
( ) r 2 g j;ﬂru

We call r* the radius of the cluster; this is defined accurately
enough in the case of spherical clusters by a method devised by
M. Schwarzschild [19] which is based on star counts on a photograph
of the cluster(').

Let the number of star images between two parallel straight lines
whose distances from the center are ¢ and ¢ + dg be S(¢)dq (Figure
2). These images are the projections of all the stars between two
parallel planes. On each plane the curves of constant density p are
circles of radius z = (r* — ¢) V% Thus

() Chandrasekhar, Kurth and others give a radius R* that is approximately
equal to one half of r*.
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26) S(g)dg — f u;p21rzdqu.
But we have zdz = rdr; therefore
(27) S(g) = L " p2ardr.
Instead of » we may set as upper limit a visible boundary of

the cluster, say Fupy.
The gravitational potential of the cluster is

@) v-- [’ WO gartpdr = 26 [ M@ dsta),
0 r 0

because

(29) dS(q) = — p(q) 27qdq.

Hence

(30) V=[26M(@ S - 2G f " S(q) 4xq? pdg.

The first term is zero because M(0) =0 and S(«) =0 (at the
boundary). Therefore

Ve _ 4G f ¢S(q) dS(q)
(31) — [2G¢S%g) s — 2G f " 8%(g) dg

= — 2GJ; S%(g) dg.

On the other hand
M=f 4xripdr = —2ﬁ qdS(q)
0

(32) = [- 2¢S(q) )+ 2ﬂ S(q) dg

= 2]; S(gq) dg.
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Hence the formula

(33) V=-—

gives

P = 204" Sd(])

(34) s

From equation (24) we get

(35) L

where (VY)"? is the root mean square radial velocity, that is
measured spectroscopically. This method has been used success-
fully for finding the masses of the globular clusters.

The same method has been used lately to find the masses of
clusters of galaxies. There, however, a serious discrepancy has been
observed. If M is the mass of the cluster and n the number of the
galaxies, the mass of each galaxy is calculated from the formula
m = M/n. On the other hand the masses of the individual galaxies
can be found by measuring spectroscopically the rotational velocity
of each galaxy with respect to its own center of mass. However the
masses found by the latter method are much smaller than the
masses calculated by means of the virial theorem. Two main ex-
planations of this discrepancy have been proposed. One is that the
virial theorem is not applicable in this case because the system is
rapidly expanding, so that J >0 (not only J > 0). Then

GM

r*

*;2‘

éJ=M<E"V >>OandM<rT.
This view has been advocated by Ambartsumian [20]. The second
explanation is that the clusters contain a great amount of inter-
galactic matter (or the galaxies extend much further than the limits
that can be reached spectroscopically); therefore the mass of the
cluster is bigger than the mass of the observable paris of its galaxies,
M > nm.

A lengthy discussion of these views took place at the Santa
Barbara Conference on the Instability of Systems of Galaxies in
1961 [21]. No definite conclusion has been reached yet.
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Chandrasekhar and Lebovitz [22], [23] have applied the tensor
virial theorems in problems concerning the equilibrium of rotating
fluids.

A few applications of generalized virial theorems to nonspherical
systems have been given by van Wijk [24] and King [25]. Further
extension of this work should be useful.

Limber [26], [27], [28] has given a form of virial theorem that
takes account of the interstellar matter also.

2. Poincaré’s Recurrence Theorem. One of the most important
theorems concerning the long range evolution of certain dynamical
systems is the ‘“recurrence theorem’ of Poincaré. This theorem has
been given by Poincaré in his Méthodes nouvelles de la mécanique
céleste [29, Chapter 26]. Its most accurate form, however, is due
to Carathéodory [30].

Suppose that we have a continuous, measure-preserving flow in
a space of N dimensions, defined by the equations

X = ¢i(x07 t) ’

where xo(x10, X0, « -+, Xno) gives the initial conditions for t = 0. We
assume that ¢ (¢(xo, ), 8) = ¢(x,t, + t5), where ¢ represents the set
of functions ¢, ¢g, - - -, ON.

Also let there be an invariant set @ with finite measure M (i.e.,
the trajectories issuing from all the points of Q are contained inside
). We can assimilate @ to a closed vessel inside which moves an
incompressible fluid.

We shall prove now that the trajectories issuing from almost any
point x; of @ come an infinite number of times in the neighborhood
of xo. More accurately, x, is a point of accumulation of the points
(images) ¢(xo,7), ¢(xo,27) ---, where 7 is a definite positive or nega-
tive number. “Almost any” means that the measure of the excep-
tional points, where this property does not hold, is zero.

Suppose that we have a set w of points x, of measure m, inside
Q. The set of the points ¢(x,, r), where xo € w, has the same measure
m. Let this set be written ¢(w, 7). We shall prove that any set w
of measure m > 0, has points in common with ¢(w,qr), for some
value of q.

In fact, if w and ¢(w, 1), ¢(w, 27), - --, ¢(w,g7r) have no points in
common, then their total measure is (¢ + 1) m. This, however, is
greater than M if ¢ 4+ 1 > M/m; therefore some sets of the above
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sequence have a common part, e.g., ¢(w,q;r) and ¢(w,gy7). But we
know that ¢(é(xo, (g2 — q) 1), q17) = ¢(xo, qo1), i.e., to the above com-
mon part there corresponds a common part between w and
o(w, (g2 — q)) 7). (See Figure 3.)

F1GuUreE 3. Overlapping Sets

Suppose now that A, is the set of the points x, all of whose
images have a distance from x, greater than d > 0. We shall prove
that the measure of A, is zero. In fact, if m(A4) > 0 we may separate
A into a number of sets whose greatest dimension is smaller than
d. Then the measure of at least one of these sets, w, is greater than
zero. But we have proved that this set has points in common with
o(w,gr) for some g. This means that for some points of w the
distance from their images is smaller than d, contrary to our as-
sumption. Hence m(A,) = 0. This is true for each d; therefore the
measure of the points whose images do not come arbitrarily near
to them is zero.

The theorem of Poincaré does not mean that such exceptions
do not occur. It means only that the probability of these excep-
tions is zero, with the measure-theoretical definition of probability.
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3. The Theorems of Hopf. 1f there is no invariant set © of finite
measure then we have a generalization of Poincaré’s theorem due
to Hopf [31].

Hopf calls “escape points”’ the points whose images ¢(x,, 7},
#(xo,27), --- have no accumulation point in Q. Then according
to the Weierstrass-Bolzano theorem these images will have a point
of accumulation at the boundary of 2. On the other hand the
points that are accumulation points of their images are called
“recurrent points.” Then Hopf’s first theorem states that almost
all the points of Q are either recurrent or escape points. It can be
proved further that the escape points which do not go to infinity
form a set of measure zero. Thus almost all points of @ are either
recurrent, or they go to infinity.

Of more importance is Hopf’s second theorem. In order to
state this theorem we distinguish between the two directions of
time and call a point recurrent or escape point with respect to
the past or the future. The second theorem of Hopf states that
almost all the points that are escape (or recurrent) points with
respect to the past are also escape (or recurrent) points with
respect to the future.

Let B be the set of the escape points with respect to the past
inside any bounded set U; C 9. B is the union of the sets B,, where
B, is the set of points x;, whose images (x,, — g7) are all outside
U; for ¢ > n. Then B, has no points in common with the sets
¢(B,, — q7),¢(B,, — 2q7), -- -, and consequently any two such sets
have no point in common. It follows that B,, #(B,,q7), ¢(B., 2q7), - -
have no point in common either; for otherwise B, should have
points in common with some set ¢(B,, — ¢’qr). Then it can be
proved that almost all points of B, are escape points with respect
to the future; in fact if we separate @ into bounded sets U;, there
cannot be a subset of points of B, of positive measure that have
accumulation points in any U,;, because then some images of B,
should overlap, according to the first part of Poincaré’s theorem
and we have seen that this is impossible.

We conclude that almost all the escape points with respect to
the past are also escape points with respect to the future. Further,
as almost all points are either recurrent or escape (in both directions
of time), almost all recurrent points with respect to the past are
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also recurrent points with respect to the future.

Hopf’s theorem does not exclude orbits of the form 4a that
are neither recurrent nor escape, or 4b, that are escape points
with respect to the future only (see Figure 4), but states that such
orbits have a probability zero.

a
FiGure 4. Exceptional Orbits

4. Applications of Poincaré’s and Hopf’s Theorems. Poincaré’s
theorem can be applied to the motion of particles in a stationary
field only if there is an invariant set of finite measure. In general
this happens if the potential energy V has a lower bound. The
set @ of points whose total energy is between two finite limits
a < E <b is invariant, because the energy E is invariant along
any trajectory of the representative point in phase space (i.e.,
the point that represents the positions and velocities of all the
particles). If V has a lower bound Vp, then

Ves V=E-—-T<b—-TE=b;
hence
T< — V3+b,

ie., |x|, |y, |r:| are all bounded.
Further, Vy < V <b, and if we take b < V., then the space
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coordinates that satisfy this inequality are bounded; hence @
is bounded.
We must also state that in this case the flow in the phase
space(’) T of the system is measure preserving. We have
dx,- . dx, aVv

(36) _(?t-zxi’ d_tz—a_x,’ (”:172,"',n)

and the expression

Z{ax, ay,-Jrazi d <6V> d <6V> d <6V> }
1 ox; 9y, 9z 9x; \ dx; ay; \ dy; 9z
is zero, because all the terms are zero. This is a special case of

the following theorem: If in a system of N differential equations
£ = f(x,t) we have the condition

u afl D(xlyx%"'JxN)
=0, then A = =1,
igl ax; D(x10, %o, - - +, Xno)

where x is a solution of these equations and x, the initial conditions.
This theorem is easily proved if we remark that

i sy iy,
at i1 0x;

Then the measure fydx (in N dimensions) of a set of points
that occupy initially a set of measure fy,dx is fydx = fa,Adxo
= Jmpdx,, i.e., the flow is measure preserving (incompressible).

In the case of the n-body problem we have a measure preserving
flow; however, the potential V has no lower bound. In fact, near
the gravitating bodies V— — «,and the corresponding velocities may
increase beyond any bound; therefore in the n-body problem there
seems to be no invariant set of finite measure.

However there is at least one exception: this is the case of the
plane restricted 3-body problem [32, p. 206-207]. Then E
= (2 +23)/2+ V, where V= (r*/2) — (u/r) — (1 — p)/r), (r, 1y,
r, are the distances of the moving point from the origin and from
the masses x and (1 — u) respectively). If r, ry, r, are constant,

(2) We distinguish between the phase space of the molecule (u-space, Boltzmann),
that has 2r dimensions, where r are the degrees of freedom of each molecule, and
the phase space of the system (I-space, Gibbs) that has 2rn dimensions.
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V is constant. Then the inequalities @ < E < b are written 2(a — V)
<it422<2(b—V); ie, the point (%;,%;) is inside a circular
annulus of measure =([2(b — V)]— [2(a — V)]) = 2x(b—0), and
this is independent of x,, x,. Hence if the x,, x, space is finite (this
happens e.g., near each one of the two masses, inside the corre-
sponding closed Hill’s curves, where V is smaller than a certain
value ¢), then the invariant set @ in the phase space has a finite
measure; therefore Poincaré’s theorem can be applied.

However the corresponding measure of the x;, X, X3 space in 3
dimensions tends to infinity as V— «.

Some recent results of the Russian mathematician Arnol’d [33]
indicate that in most cases of the 3 or n-body problem in 2 or 3
dimensions there are boundaries in finite distance that the moving
point cannot cross. Therefore in these cases Poincaré’s theorem
is applicable and the system is recurrent.

In the most general case we can apply Hopf’s first theorem and
state that in the n-body problem either the system is recurrent
so that it returns an infinite number of times near its initial state,
or the representative point goes to infinity. The exceptional cases
of nonrecurrent systems whose corresponding points do not go to
infinity, have a probability zero. Hopf’s second theorem now states
that the corresponding points of almost every system will go to
infinity if and only if they have come from infinity. This means
that if a star escapes from a system, then either this star or another
one was captured by the system, or the system was initially oscil-
lating in the opposite way to that shown in Figure 1. Similarly
the capture of a star by a cluster is, in general, temporary, and the
system ejects later one star (not necessarily the captured one), or
it becomes oscillating in the above sense.

A similar theorem was proved earlier by K. Schwarzschild [34]
who found that the captures of comets by dJupiter are only
temporary (*).

Another consequence of Poincaré’s and Hopf’s theorems is that
a stellar system cannot tend towards a special final form unless it

®) See also Chazy [13, p. 421ff.]. Chazy asserts that if a third body approaches
a binary system from infinity it cannot form a stable triple system, or cause the
disruption of the binary, or even be captured by one component of the binary
while the other component escapes. However it seems that the last two possibilities
exist. L. Becker [35], [36] calculated some orbits in the 3-body problem that
resulted in the capture of a third body by a binary, while one of the components
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is either stationary or it is disintegrating. E.g., a rotating system
cannot become flatter, if only conservative forces are applied. In
fact, the flattening of the stellar systems must be ascribed to the
friction of the prestellar gas. We mention some other applications
of Poincaré’s theorem in §I11.3. These examples show the usefulness
of topological methods in some problems of stellar dynamics.

5. Some Problems. Some unsolved problems should be mentioned
in connection with the above theorems.

(a) If for very small distances the law of attraction of two stars
is changed so that V does not tend to infinity, then one might
apply Poincaré’s theorem and state that all stellar systems are
recurrent. But then the stars should not approach beyond a certain
limit; e.g., they should never collide physically. This shows the
connection between the problems of escape and of very close
approaches in a stellar system. It should be of the greatest interest
to find under what conditions the distances of the stars of a given
system never become smaller than a given amount.

(b) As the criterion of Hopf cannot be verified in general (except
in the case of recent captures), we need more practical criteria in
order to determine whether a given system will eject stars or not.

By applying the statistical methods of the third chapter we shall
see that in general a stellar system will eject stars. However, as
the dynamical phenomena are time reversible, this means that it
is equally likely to have an ejection in the inverse direction of time,
l.e., a capture. This is the main idea underlying Hopf’s second
theorem. But it seems that the phenomenon of escape is very rare,
and one should not disregard the possibility that in some cases of
isolated clusters it never happens. In fact the numerical calcula-
tions of von Horner, that we shall mention later, show that escapes
of stars are much rarer than it was generally believed until now.

There are some reasons why the escape of stars is a very im-
probable phenomenon. If the velocity of a star gradually increases
because of close encounters, the star moves to the outer parts of

of the binary escaped. Further O. Schmidt, Khilmi and other Russian authors
proved, by means of numerical calculations also, that a third body can cause the
disruption of a binary. If then we invert the time direction we find that 3 stars
moving in special hyperbolic orbits can form a binary (see [14], [15], [37]). This
phenomenon has a probability greater than zero. Similar results were found by
Sibahara [38], [39], [40]. This work should be extended further.
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the cluster where the encounters are much more rare, and therefore,
as pointed out by Hénon [41], [42], it cannot really escape. Only
in the case of a very close encounter can a star acquire abruptly
the escape velocity.

If, however, a quasi-stable state is reached in a stellar system,
it may be that such very close encounters never occur. The problem
is worthy of further consideration.

(c) It should be of interest to find in what cases the corresponding
points of stellar systems are recurrent points that go also to infinity.
The existence of such oscillating orbits has -been proved lately by
Sitnikov [43]. Sitnikov found a case of the 3-body problem where
one body performs oscillations of greater and greater (unbounded)
amplitudes, but it returns infinitely many times near the origin.
Further, one should find under what circumstances two stars may
oscillate alternatively, as in Figure 1.

Some very interesting work in classifying the different types of
evolution of a system of three bodies was done by Chazy [11],
[12], {13]. A number of Russian authors have also worked in this
field (see [14], [15]). Further work of this type in the n-body prob-
lem should be very important.

(d) A mean recurrence time can be calculated for recurrent sys-
tems as follows: If M is the measure of an invariant set and m
the measure of a sphere within which the point representing the
system in the phase space must return, then the mean recurrence
time is Mr/m, where r = d/v (d is the diameter of the sphere and
v the “velocity” of the moving point).

Can such a mean recurrence time be defined in the case that the
invariant measure M is infinite, and, if so, what is its order of
magnitude?

Consider for example two clusters, an open cluster with 100 stars
and a globular cluster with 10° stars, and let their respective di-
ameters be 10pc and 100pc respectively. Their mean escape veloci-
ties are approximately 0.4 km/sec and 4 km/sec. Suppose that all
the stars are always contained inside the above limits of the clusters
and their velocities are smaller than the corresponding escape
velocities. Then the recurrence time needed for all the stars to
return within 2 A.U. from their initial positions with velocities
differing less than 0.l km/sec from their initial values is greater
than 10" years in the first case and greater than 10"**** years
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in the second case. Some consequences of this fact will be mentioned
in the third chapter.

(e) It would be of the greatest importance to apply numerical
methods to find some characteristics of a stellar system which would
give indications concerning its evolution. Such methods were used
by von Hérner [9], [10] and we shall mention them presently.

6. Numerical Calculations of the n-body Problem. Von Hérner [9],
[10] calculated numerically the evolution of some clusters with a
small number of stars, up to 25. Unfortunately it is very difficult
to calculate the evolution of a cluster with a great number of stars
because the time needed for such calculations is prohibitively great.
In fact the time needed by von Horner to calculate the evolution
of a cluster for one time of relaxation is proportional to n*. He
spent 40 minutes (2/3 hours) for calculating the evolution of a
cluster of 16 stars for one time of relaxation with the computer
“Siemens 2002.” Therefore for 160 stars one should need 270 days
with the same method and the same computer.

However, even with a small number of stars, one can find many
interesting results.

The initial positions and velocities used by von Horner were a
random distribution within a sphere in coordinate space and in
velocity space correspondingly. Hence an initially constant density
was assumed.

After some time, equal to 2 or 3 relaxation times, a somewhat
stable distribution of density and velocity was established but this
distribution changed gradually afterwards.

Although the first calculations (namely those in [9]) indicated
a Maxwellian velocity distribution, it was found later (see [10]),
when a greater number of stars was used, that this distribution was
not even approximately Maxwellian. There were a greater number
of large and small velocities than expected. The high-velocity stars
were not escaping but formed close binaries near the center of the
system. On the other hand the excess of small velocities corresponds
to stars in the outer parts of the clusters.

The number of escaping stars was almost 8 times smaller than
expected. In general the stars going to the outer parts of the system
were fewer than expected. This fact indicates that escapes are much
more rare than usually assumed.
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In the first calculations the density of the central parts of the
cluster was represented by an isothermal gas sphere. However later
(see [10]) it was found that a central condensation is formed and
the density follows there the law 1/r2 In the outer parts the density
follows approximately the law 1/r*, as expected theoretically
(see [44]).

Chandrasekhar’s formula for the time of relaxation was verified.
The virial theorem was also approximately satisfied, i.e., V/2T =1
within a factor 2.

These results show that the statistical theory of stellar systems
is not yet sufficiently developed. Although at first almost all the
main points of the theory seemed to be verified (the Maxwellian
distribution of velocities, the formation of an isothermal core, etc.)
it is now realized that many problems need reconsideration.

There are many problems in this field that could be studied by
means of numerical integrations.

(a) It would be interesting to increase the number of stars in a
cluster. Such calculations need of course the use of faster electronic
computers. However, one improvement in the method of integration,
which may give good results in a relatively short time is the use
of different integration steps for different orbits, according to the
closeness of each star with the others.

(b) It would be very important to calculate the times of relaxa-
tion for different kinds of orbits, namely radial orbits and circular
orbits. Further, one should calculate the evolution of a cluster
whose orbits are initially approximately radial, or circular, or
specific mixtures of these two types.

(c) One could study the distribution of the velocities at each point
to find the change of the velocity ellipsoid. It should be useful to
study also the distribution of the energy. Preliminary results (see
[10]) indicate a distribution law [— E]™* with p variable in time.
The distribution of the angular momentum is also important.

(d) The study of the formation and dissolution of binaries is
another important topic. Are these binaries similar to the usual
binary stars? It seems that triple or quadruple stars can also be
formed.

(e) It would be interesting to study not only spherical, but el-
liptical distributions of stars also.

(f) Another relatively easy problem is the study of an expanding
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system, like an association. The other extreme, that of a collapsing
system could perhaps explain some phases of the evolution of a
stellar system.

Of special importance is the study of the final evolution of a
stellar system, after most of its stars have escaped. It seems that
this final state is a multiple or even a double star. This problem
would need a very long calculating time. However, even the cal-
culation with a very small number of stars, say 8 or even 4, would
give useful results.

(g) Another problem arises if we drop the usual assumption that
all the stars have equal mass. The distribution of stars of different
masses is also very important.

(h) The evolution of a system whose stars change mass is still
another problem. Thus one could explain the distribution of red
giants, novae, and white dwarfs in clusters and in the Galaxy. Such
a problem was considered lately by Boersma [46] and Blaauw [47].
Blaauw explains the big velocities of the so-called run-away stars
by assuming that they belonged to binaries whose primaries lost
mass very rapidly, so that the gravitational attraction suddenly
diminished and the companions were ejected.

(i) Another problem is the evolution of a stellar system that is
not isolated, but is subject to the tidal force of the Galaxy or of
passing-by clouds. As a good approximation one should take the
tidal field as due to just a point mass.

More problems of this type are considered by Ulam [45] and
von Hérner (9], [10].

These problems can be studied by using fast numerical computers.
At the present time the analytical methods in the n-body problem
seem to have exhausted their power. However, there is a revival
of interest in the n-body problem by using the results of numerical
computations. These computations will give the necessary indica-
tions for further analytical progress, as well as for further numerical
experiments. The fact that some of the first numerical results by
von Hérner [9] have been already revised in [10] indicates that
this field of research is still quite open.

I1I. The continuum approach.

1. The Distribution Function. The continuum approach considers
a stellar system as composed of a very great number of particles
distributed in a continuous way in space while their velocities form
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also a continuous distribution in the velocity space. The points of
the 6-dimensional phase space (the u-space) are distributed as fol-
lows: If dN is the number of stars with coordinates between x;
and x, 4 dx,, x; and x, + dx,, x3 and x; + dx, and velocities between
%, and %, + d%;, ¥, and %, + d%,, %, and %, + dx;, then

37 dN = f(xy, x4, X3, X1, %5, %5, 1) dx,dxodx,d %, dxodxs,
where f is the distribution function. We write
(38) dN = f(x,%,t)dxdx."

The equations of motion are

dx dx A%
39 oy =27
(39) dt * dt ax’
where V is the potential energy of a star per unit mass.
We shall prove that f is an integral of the equations of motion.
In §11.4 we have seen that
D(x, x
(40) _gz 1
D{(x, %9)
On the other hand if we represent the number of stars in the six
dimensional volume M, by /i, f(xy, %,0) dx,dx,, this number
remains the same during the evolution of the system; i.e., if x
= X(xg, %, t), X = %(xy,%,t) I1s a solution of the equations of
motion with initial conditions x,, x, for t = 0, then we have

(41) fff(x,x‘,t) dxdx'szf(xo,x'o,O) dxodx,.

fff(x x,t) dxdx —fj F(x(xg, %o, 1), 2 (2, Xo, 8), ) D(x, %) — T dx,d%,

D(xg, %o)
= fj f(xo, X0, 0) dxodxy.

My

Hence by (40)

(42) f f[f(x(xo,x'o,t),x(xo,xo,t),z)—f(xo,xo,ondxodxo:o
Mo
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for all regions M,, i.e., f(x,%,t) = f(xg, %o,0) if (x,%) is a solution
of equations (39). Therefore f is a first integral of the equations
of motion.

By differentiating f with respect to ¢ we have

of X[ of . of ax/} B
(43) a—ﬁé[a—xi’“ o5 0% )~ °

This is Liouville’s equation for a stellar system.
The corresponding system to the partial differential equation
(43) is

(44) g 90 _dx _deg  dy o diy  di
% %, X 9V v v’
ax, 0% x5

i.e., it is the same as the system (39).

If I,1, ..., are the 6 integrals of this system, the solution
of (43) is f=f(I,1I,,---,15). This theorem is sometimes called
Jeans’ theorem [48] but it was given earlier by Poincaré (see
[49], p. 101), and in any case it is a well-known theorem in the
theory of differential equations. Two integrals of Liouville’s equa-
tion are well known, namely the energy E and the angular mo-
mentum C.

If we consider only the distribution of the velocities in a region
M, near the point (x,,x,, x3), we may write

(45) dN = Fdx,

where

(46) sz fdx.
M,

In order to describe the observed distribution of stellar velocities
near the sun, K. Schwarzschild has given F in the form

47 F = Aexp(— K*R?— H¥0*+ Z%),

where A = NKH?*/z** N is the number of stars in the region M,,
K and H are functions of the position only, while R is the radial
velocity directed from the center outwards, 0 is perpendicular to
it on the galactic plane, and Z is perpendicular to the galactic plane.
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Generalizations of this distribution are due to Charlier, Eddington,
Jeans, Oort and others.

The most general ellipsoidal law is given by Chandrasekhar [50],
[51], [2]. He takes

3 3
(48) f=As (Z ;a.»,<x.»—xm><x,—xjo>+a> ,

where a;( = a,)), %, Xx, ¥», 0 and V are 11 unknown functions of
the position and time only, such as to satisfy Liouville’s equation.
The velocity of the local standard of rest, i.e., the mean absolute
velocity of the stars of the neighborhood of the point (x), Xy, x3)
is (210, X0, X20) -

If this formula is introduced into Liouville’s equation, we find a
system of 20 differential equations for the 11 unknown functions
above. Chandrasekhar has solved completely the corresponding two-
dimensional problem and many special cases of the three-dimensional
problem also. He proved that a finite system in a steady state
must necessarily have axial symmetry. The most general solution,
however, has not been given.

Chandrasekhar studied in more detail the case when the velocity
ellipsoid is reduced to a sphere:

(49) f=Ag¢la((x, — X0+ (2 — xzn)2+ (xy — X)) + o).

The solutions include many spiral forms of the density distribution.
The same spiral solutions are given by Schiirer |52], by a much
simpler method, namely by a change of coordinates. It was thought
for some time that these solutions could explain the spiral form of
the galactic system. However the spherical distribution of the
residual velocities is not realized in the actual Galaxy. Further it
must be stressed that even the general ellipsoidal distribution of
the velocities is only an approximation. In fact ¢ should have not
only quadratic terms in the residual velocities, but third order terms
also etc. These third and higher terms are small if the velocities
are small, and for this reason they are omitted in a first approxi-
mation.

Another limitation of Chandrasekhar’s analysis is that it does
not deal with self-gravitating stellar systems.

In a self-gravitating stellar system we have also Poisson’s equation
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F R VAR L VAR £ V4
(50) AV_ Z + —; o + — PP é = 4xGp,
where
(51) p=f Fdz

is the particle density. If stars of unequal masses are considered,
then F is replaced(*) by /' m Fdm; p is then the mass density.

By applying Poisson’s equation one finds that not all the solutions
of Liouville’s equation represent self-gravitating stellar systems.
E.g., Kurth [55], [56] proved that in the special case discussed by
Schiirer the system either is in a steady state or it is homogeneous.
This led to the assumption that all ellipsoidal solutions of Liouville’s
equation are either in a steady state or homogeneous. This has
caused a decrease of interest in these problems in the last years.
However the problem is not yet settled completely. First there are
some solutions that cannot be given by Schiirer’s transformation.
Further the general ellipsoidal solution of Liouville’s equation is
not given. It would be useful to complete the discussion and see
to what extent Kurth’s theorem can be applied.

At any case there always remains the main problem of finding
solutions that satisfy both Liouville’s and Poisson’s equations,
especially for systems in a steady state. Prendergast [57] has given
the general solution in the one-dimensional case. Other special solu-
tions are given by Camm [53], [58] for stratified and spherical
systems, by Kurth [59] for spherical systems, etc.

In the case of spherical stellar systems Poisson’s equation becomes

d*V.2dV  1d /[ ,dV
(52) "p + r dr _Z(—i— (r —) = 41er.
Hence
(53) (fi:'/ 47rGf pr‘dr = Gm( )

where m(r) is the mass included in a sphere of radius r.
If the mass of a system is finite, then

(*) Cf.G.L.Camm [53]. A similar method was used earlier by J. Jeans [54, p. 231].
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dV.  Gm(r)
(54) dr Té r‘ ’
and
1 1
65 V-V =G [ 7 dr<Gm G —m (7))
ro r
ie.,
(56) v, <™ 4 v,

0

Therefore, since V is an increasing function of r, it has a finite
upper bound.
If F=F(E,C) is a function of the two known integrals of

Liouville’s equation, then Kurth proved that for E 2 V.., F(E, C) = 0.
Camm has considered the case where

AQE, - 2E)", it ESE,

(57) F= {
0, it E>E,

and u > 0.
This is consistent with the above restriction if E, < V.. Then

p:fjfﬁ'deGdZ

(58)
= 27A fJ (—2V+ 2E, — R*— S%»*dRSdS,
where S = (0°+ Z%)'*? is the transverse velocity, and the double
integral extends to all the values where S > 0 and
(59) R*4+ S*<2E,—2V.

If we write 2K, — 2V = ¢* we find

Y w2 RHL2
= %Af de ((9* — RY) — S%+dS*
0 0

:..:_Al f (Qz z)pHdR,

(60)
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and if we set R = O\/t

TA 2u+3 i 1—12
pzﬁﬂu O(l—t)“+t “dt
(61) g j
- _ ut3,2 l)
A @B 2B (ot 2
where

DO =

F(n+2)I‘<
B <ﬂ+2,§> =F<T5>>,
2

whence finally

_AATG 1)

r(ers)
T3

If we put this value in Poisson’s equation (52), setting

(63) 9= —2V4+2E =(—2V,+2E)¢y and r=cx
with

(62) o (2E, — 2V)+¥2,

(64) c*=rT <n + g) (T(e + 1)) "(BAG) ‘= >*2E, — 2Vy) ™+ 1%
we get

(65) 1 d <x2d"

w32
* dx @) tyrr=0.
This is the Emden equation of a polytropic gas sphere(®) with
index n = u + 3/2. The initial conditions are ¢ = 1 and dy/dx =0
for x = 0 (because dV/dr =0 for r = 0).
Emden [60] proved that for n < 5 we have finite radius and mass.
For n > 5 the radius and mass are infinite. For n = 5 we have the

solution

(5) A polytropic gas sphere is a sphere of gas whose pressure is proportional
to the y power of the density; p«p’. In Equation (65) we have y =1+ 1/n
and p = ¢".
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(3g)V*

66 =
( ) W (3+q2x2)1/2’
and
q5/2 B
(67) p=y°= <1 N &‘}.)5/2 = (a*+ rH)>®
3
with
2 21\5/2
(68) et =3 and B= <§i> .
q q

Then the total mass M = 47 B/3a” is finite but the radius is in-
finite. This is the law of Schuster, applied by Plummer in the
globular clusters. (See applications of polytropes [61], [62], (63].)

Another important case is that of an isothermal gas sphere. In
this case we have a Boltzmann distribution of energy

(69) F = Aexp(— 2a*E),

and correspondingly a Maxwellian distribution of velocities. Then

p=Afffexp(—a”(x'f+ x4 22 4 2V)) - dxdx,dx,

(70) 32
= :3 exp(— 2a*V),
or
(71) p = poexp(— 2a(V — V)
with
Ar .
(72) po = ——exp(— 2a*Vy).

Then the equation of Poisson gives

1d/ ,du
(73) ;}_—d—x <x d—x> = exp(— u),
with

(74) 2a4(V — V) = u, r=cx, ¢t = (8xa*Gpy) "
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The initial conditions for x =0 are u =0 and du/dt= 0.

This is the equation of an isothermal gas sphere. This model
gives an infinite radius and mass, as can be derived, e.g., from the
fact that F does not become zero for any value of E. However it
is assumed that this model represents approximately the central
parts of stellar clusters.

It is proved that if the mass of a system is finite, then the condi-
tion F(E,C) = 0 for E = V_ is necessary. This condition, however,
is not sufficient. E.g., if we have a polytropic sphere with an index
n > 5 the mass is infinite, although the condition is satisfied.

However Kurth proves [59] that in these cases there exists a
function F(E, C) arbitrarily close to a given function F(E,C) for
which the corresponding mass and radius are finite.

Axially symmetrical stellar systems that are consistent with
Poisson’s equation have been considered by Camm [64], Kurth
[55], Fricke [65], [66] and lately by Lynden-Bell [67].

It is an open question whether there exist systems where the
distribution of velocities is everywhere ellipsoidal. Camm and
Fricke proved under certain assumptions that no such system
exists, while Kurth gave a method to obtain such systems. All
these discussions are not yet complete [68]. Camm assumed that
if a system has a finite mass then the potential has an asymptotic
expansion

(75) Ve -5 2y

for large r (where ¢ > 1), and in this case he proved that the density
must be zero. However if

(76) V=——<1~——>,‘

for large r we cannot have an asymptotic expansion of the form
(75) because

(ogr) /() ==
logr ) T logr orree.

But the system (76), although it extends to infinity, has a finite
mass, because Poisson’s equation gives
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__Li{rzi<_@’f_<1__s,>> }
P = 4xGrrdr U dr r logr

_ MS [ 1, 2 J

" 4xr® (logn®  (logr)*d’

2dr
- mr) = MS 0 < (logr)* + r(logr)3>

1 1
= MS[logro + (logro)Z:l'

Therefore there may be cases that are not covered by Camm’s
proof. On the other hand Kurth’s solutions do not give a finite
mass; in fact Kurth gives the potential function by solving formally
Poisson’s equation, written in the form

(79) AV = 4xGp(V; x4y, x5, x3),

(77)

(78)

where

(80) b= f f f F(E, ---) dzdt,d%y;

here E = (x*+ %} + %¥)/2 + V, and the dots after E represent the
other integrals of motion. Then we can write

(81) Vi(xy, Xy, X)) = fof p(V (&1, £2 £3) 5 £1, 60, £9) dE1dEdEs
1y A2y A3 —
g |x — ¢

Kurth finds V either as a series in G, or 1/4/G, or by an iteration
method, setting V, = 0 and computing V,,,, after V, is found, by
the equation

(82) Va1 = fof M ddede,.
J ERE]

Then

(83) V=1mV,

Let us consider the last method and assume that there are only
two isolating integrals E and C.
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In a system of finite mass we may take V_,=0; thus
p(0; £, &5, 89) = 0 for all the values of C, because F(E,C) =0
for E = (! + %5+ %3) /2> V., = 0. Therefore V; =0 and generally
V,=0 and V=0, i.e., this method does not give V.

The same is the case with the series expansions of the form

(84) V= Volxy, 2o, x3) + GV (21, %5, 25) + - -+,
and
(85) p = polx1, Xg, X3) + Gpy(x1, X5, X3) + - -,

because again for V, =0 we have p = p; =0 and then Equation
(81) gives, step by step

V1= V2= "'=0.

Therefore Kurth’s method does not work for systems with finite
mass.

Danby proved that in the case of an ellipsoidal distribution of
velocities there is no third integral besides the energy and the angu-
lar momentum.

If we drop the ellipsoidal hypothesis we can find axially sym-
metrical systems whose distribution function F is a function of
E and C. In fact Lynden-Bell {67] solves the equation

p=f Fdx

for axially symmetric systems when p is given, and finds F = F(E, C).
There is a special solution that is even with respect to C; i.e.,
F=F(E,CY.

The general solution contains also any odd function AF with
respect to C because

(86) f " AFd = 0.

AF'is found by Lynden-Bell by means of relaxation considerations,
assuming that the stellar encounters cause the velocity dispersions
along the 3 axes to be equal. This, however, is not the case in our
Galaxy. (See also [236].)

The distribution function of a spherical system is not necessarily
a function of C only, as was assumed by Jeans [69, p. 365]. The
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general form of F is
(87) F = F(E,C,C,,Cy,

where C,, C,, C; are the three components of the total angular
momentum.

Lynden-Bell [70] and Woolley [71] considered a case where a
spherical cluster is rotating. Such a rotating cluster can be con-
structed out of a nonrotating one by inverting the velocities of
the stars moving, say, clockwise with respect to a given axis.

More generally, we may invert the different velocities of different
groups of stars rotating around different axes, without changing the
spherical form of the cluster.

Fricke [65], [66] has made a severe criticism of the ellipsoidal
theory of stellar velocities. He points out that the ellipsoidal distri-
bution is only a rough approximation to the real distribution of
stellar velocities, and then only if these velocities are small. It
is well known that the high velocity stars have a very asymmetric
distribution and therefore their motions can by no means be de-
scribed by the ellipsoidal theory.

Fricke made a search for more general distribution functions F
of the form F(E,C) that are not quadratic in the velocities, but
satisfy Poisson’s equation. He considered integrals of the form

F= Za,,,E'Ck
ik

(polynomials in E and C) for systems with finite mass. The solu-
tions found are of the form

(88) F = ES/ZZ AuEk“CZk + EN-H/ZZ BuEk+lC2k+1.

Here N is a nonnegative integer and in both summations k goes
from 0 to n and [ goes from O to m. Fricke gives the examples

(89) F = (2E)**2 + 100(2E)*C® — 49(2E)*C°(1 + (2E)*CY),
and
(90) F = (2E)**0.5 + 100(2E)"'C* 4 49.5(2E)"“C"(1 + (2E)*CH);

these two distributions of velocities can describe both the almost
ellipsoidal distribution of small velocities and the big asymmetric
velocities of the high velocity stars.

However the functions used by Fricke seem rather artificial. No
obvious reason suggests the use of any of the above functions F.
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Further, the fact that the velocity ellipsoid is flattened along the
z-axis cannot be explained if only two integrals of motion E and
C are used in the distribution function F.

2. Integrals of Motion. The equations of motion in an axially
symmetrical potential field are

dr dz dR de dZ
1) R Z V. e Re v
ar r r 9z

and these have two well-known integrals: the energy
E=(R*te'+Z%/2+V,

and the angular momentum C = re.
The general form of an integral that is a function of E and C
and is quadratic in the velocities, is

or

I=R*+ Z? 4+ 0%(1 + kor?) — 2k;ro + 2V

(93) . S e kir?
R4 Z2 4 (14 kYot 2V — T
+ 2%+ (14 kar®)0°+ TF ko
where
(94) 8=06-0, and 0= —A"_ (9
N o an TR
(6) Then the constants of Oort are
A_z(@_ég __kkar?
T2\ r ar) (1 + kor?) ’
and
1 {6 deo> ky
B=—-—-|—+— = — 7379
2<r+dr QA + kor?)
_ e_o_ —A_-B= k1
Ty T 14k

and the square of the ratio of the axes b (along ) and a (along R) is

¥t 1 _,_ A
a7_1+k2r' w-
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If k, = 0 we have three equal axes. This happens when statisti-
cal equilibrium is reached. In this case 6, = ki, ie., the system
rotates like a rigid body.

The velocity ellipsoid has the axes R and Z equal. However
in K. Schwarzschild’s ellipsoidal distribution defined by (47) the
axes 0 and Z are equal, and much smaller than R. In a more
general form

2 oz Zz
(95) F=Aexp<—£2—-7——g>,
gy g3 a3

the values of the dispersions o), 04, 05 are given for different groups
of stars by Nordstom [72]. In general it is o, > 0, > o3, but some-
times o; > 03 > 0. In any case the axis R is always greater than
the other axes.

The observed inequality of the R and Z axes cannot be explained
if only two integrals of the equations of motion are used.

As we have seen, Liouville’s equation has 6 integrals of motion
that are, in general, time dependent. By elimination of the
time we get 5 time independent integrals. These, however, are not
in general isolating (Wintner [73, p. 93-97]; Contopoulos [74]);
i.e., if they are solved for one variable as a function of the others
they give an infinity of solutions that are densely distributed in
some interval. E.g., in the case of two perpendicular oscillations
we have the system

dx
(96) <=

dy dX dy
% =

(X, Y are the components of the velocity), with the integrals
1 . . 1 ; ;
(97) Py = 3 (X*+ AxY), &y = 3 (Y*+ Byz)-

If AY%/BY* is irrational, the third time-independent integral

. Bl/Zy 1 . Al/zx

9 = —sinT 2 o sin Tl
(98) T, B Sin Gon) " ZT Sin 207

is not isolating.
In fact we have
Bl/Zy

@) G

1,2 1,2
= Sin <Bl/2To+ B A ad > s

|
5 SN p
Al (22,0 *
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and for a given value of x we have infinitely many values

Al/Zx — Al/zx
W = 8§ + 2Kx or sin W

s -1

sin =2K+1)x — s,

Thus

Bl/Z
sin ( B"“Tot 7 51+ sz)>

Sl 21{7I'B1/2
) +

= sin <Bl/z <T0+ A2 Al

- 2L1r> ,
where K, L are arbitrary integers; 2x(K(BY?/AY*) — L) can be
made to approach any number arbitrarily closely, by a suitable
choice of the integers K, L. Therefore the values of B%y/(2&)"?
are densely distributed in the interval (— 1,1) and this means that
the integral is not isolating. If A'*/B"* is rational, we have only
a finite number of values of y for any value of x and the integral
T, is then isolating.

Many authors have used isolating integrals besides the energy
and the angular momentum in some special cases. E.g., B. Lindblad
[75], introduced the integral

where V;= V(r,0). In this case, however (39?V/drdz) =0; this
integral is approximately valid for very flattened systems. Van
Albada [76] and Kuzmin [77], [78], [79] have studied especially
the integral

(101) Iy=(rZ — 2R)* + 2%0* + c§(Z* + 2V™),

where V* is connected by two relations to the potential energy V,
and c is a constant. This integral was introduced for the first time
by Eddington [80]. In this case V is of the form

(102) Ve — [MJ

LE—m

where

(103) f,i =ri4 2t (¢t — 2%zt — 1) 4 (rE4 )YV
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A general case where an isolating third integral can be found

has been given by Stackel [81], [82]. In the two-dimensional case

(104) V=_|:M(E)+N(n)j|,
K(¢) + L(n)
while the line element is
(105) ds* = (K (&) + L(n))(d§* + dn’).
In this case the corresponding momenta to the variables £, n are
(106) pi=(K®+ Lm)E  p,= (KE® + L&),

hence the energy integral is

%[K(l;;—:—i(n)] - [I\I;I((g)) i ]LV((rS)]

(107)

Then the Hamilton-Jacobi equation is separable, and two integrals
can be easily found

(K(8) + L(n))**/2 — M(¢) —aK(t) = — b,
(K + L(1)**/2 — N(2) — aL(n) = b.

By adding these two integrals we derive the energy integral (107).
Stickel considered also systems of more than two dimensions, where
we have separation of variables in the Hamilton-Jacobi equation.

Weinacht [83] proved that if the line element is Euclidean the
most general cases where we have separation of variables in 2 or
3 dimensions which can be reduced to Cartesian coordinates by
apoint transformation, are of the Stiackel type.

Van de Hulst [84] used the transformation

(108)

r=csinhtcosy — k+ ry,
(109) 2z = ccosh¢sing,

and a potential of the form (104) with

K(¢) =2c%osh’,  L() = — 2c*sin’y,
M() = — 2c*cosh’Vy,  N(n) = — Q(c* + k*)2sin*,

where c, k, ro, @ are constants, and V, is the potential for 5 = 0.
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This is a generalization of Eddington’s potential, which cor-
responds to k& = ry. It is easily proved that if k=r,
2 2y — —
(110) c}(2cosh’t — 1) = ¢ (or = »y),
ci(2sin’y — 1) =, (or = ¢&)).

Van de Hulst’s transformation (109) is the most general point-
transformation in two coordinates that gives separation of variables.
More general transformations that give separation of variables one
can find only by using contact transformations (Siegel [32],
Contopoulos [74], [85]).

A systematic search and classification of potentials with isolating
integrals has been done lately by Lynden-Bell [86], [87]. Lynden-
Bell considers only integrals depending on an arbitrary function
(corresponding to potentials that also depend on the same arbitrary
function), and he calls such integrals ‘“local.”

In general, however, a dynamical problem is nonseparable, or
more accurately, there is no known transformation that can reduce
it to a separable one.

In such cases a third integral of motion can be introduced in the
form of a series. Whittaker [88] and [89, Chapter 16], called this
integral the ‘“adelphic integral”’ (from the greek word ‘‘adelphos,”
meaning brother) because it is very similar to the energy integral.
This is given in the form of a trigonometric series. Another form
of this integral was given by Cherry [90], {91], [92]. The third
integral in a form directly applicable to stellar systems was given
by Contopoulos [93].

If we have a Hamiltonian system of the form H = H,+ H;
+ H,+ ..., where H, is an homogeneous polynomial of degree k
in the variables, we can make a linear canonical transformation of
variables so that H, becomes

H,= Z AiX; Y.
o1

Then there is a formal canonical transformation of variables

-x—izin) i =xi+""
(111) i (xi, i)
yi=Glx,y)=yi+ -,

such that H becomes a function of the products v; = x;y, only.
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The canonical equations become

dx; JoH — dy; oH — .
T = X D Vi l=1,2,-~~,n),
(112) PR T mixi, FE? m;yi (
where
al),'
Then
_d% | _dy do,
yiﬁ—i-x,-gt———() or E—O.

Hence we have n integrals

(114) v; = X;¥y; = const.

Then m; are constants, and therefore the solution of the Hamiltonian
system is

(115) x; = a;exp(m;t), ¥ = b;exp(mt).

The same transformation was introduced by Birkhoff {94, Chapters
3, 8]. His method is similar to the methods of Delaunay |95, p. 541]
and von Zeipel {96] in classical Celestial Mechanics (see also [74]).

We shall presently apply the von Zeipel method in the case of
two dimensions.

If
(116) H=H,+H;+ -,
where
(117 H, = x\x1y + Maxayy,

we introduce the determining function

(118) S=S(x17x2’}71,5}_2) =SO+SI+ Ct Ty
where
(119) So = 2:Y1+ %233,

such that the new Hamiltonian H is a function of v, = x;¥; and
v, = X,¥, only. We have
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J _
(120) Yi= 05 _ = ;+i+ X=X+ =
dx; ay;

Hence

88, 48, & { S, < 38,
x = =—= | - +
=1 Layidx;

3°S, <681
dy;dy; \ 9x;

-

(121)

)
)
yi=37i+a_SI 9% ZZ::a_ZS‘_<—a—S‘+ >
)

0x; ax; o1 Lox0x; ay;
9%S, (aS1
dx;dy; \ dx;

f+

where the derivatives are calculated for X; and y;. Then

S, 88,
—_"9y1+_'+' >

Hx,y) = H <5c7~ _
ay;

Z 9H, 98, * 9H, a8,

= H, —
: 21 9% 0y, +le 9y 0%,
t 9H, 38, | & 9Hy 98,
H., —
t Z:l ax; ay, 1ay, 6x,
2 dH,[ a8, 2o 9%S; a 3*S, 4S8
(122) _y U i_l_z{ liv__sl___l”
i-1 0x; L dy; — L dyi0x; 3y, 9y 0y; 9x;
B b -
i—1 0Yi L 0X; 1 Lax;0x; ay; dx,0y; 0x;
+i: i 1 { d*H, 4S,d4S, 9*H, 4S, 4S,
i=1 j=1 2 ax axj ayl dy] 337;337] a}Tt ax‘]
0*H aSla_sE}
0y;dy, 9x; 4X;
+Hy+ oo = Hy+ Hy+ Ho+ -

the derivatives of Hy, Hj, --- are also calculated for %, y,. E.g.,
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(123) %%2 = ¥, %’;_f = N, etc.
Hence
(124) H,=H,,
(125) ixtﬁa—% —.szi}—’za—s;l =H,—- H;=Q,
o1 0x; — dy;
and generally
(126) lef%% —éx&i—i{ =H — Q=@
where @, is found after the terms S,, ..., S, , are defined. If we

write @, = H, — @, and take H, to be the sum of the terms of
the form (X;¥,)% (%y2)* in @}, then H, is a function of v, and v,
only, and @, contains only terms of the form x{! HE Y22 in which
(a, - b)*+ (ay — by)* = 0.

The corresponding system to the Equation (126) is
dx, dx, dy,  dy, dS,

127 = = —
( ) Axy A2 Xy

TN Ny @
and it has the integrals
w1/M

(128) Ul = fl}_/ly Uy = .Ez}—’z and = C

E%/)\‘Z

Therefore S, is given by
dx,

(129) SszQk—— + Sko(vy, 05, €),
Ax,

where in @, we have replaced ¥,, ¥, by v/X, v,/X, and X, by

n¥M e S, is an arbitrary function of v, v, c.
Let Xy 2y be a term of @, This is written

v pg XM ¢ e b
where
A= M(a, — b) + Ma, — by).

After integration it gives
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Ufl vgz El)\/)\l c —Az(az-bz))\ - 1,
which can be rewritten as

—a; by Tayb,
xply txgtyy?

(130) M@ — b)) F Ml = b))

The denominator (A (a; — b)) + A.(ay — by)) 1s never zero if
AM/\, is irrational, because (a; — b,)*+ (a; — by)2 = 0.

Thus S and H are constructed step by step; both are functions
of x; and y,, and H=f(v;,v9). Then the transformations (121)
give x;, y; as functions of x;, y;.. The problem of the convergence
of S and H, however, is left open.

If A1/, is rational, one can find S by a convenient choice of the
arbitrary functions S,_j, (0 < j), so that there should not appear
terms of the form

X1Y1%527,2 in @, with M(a; — b)) + Aolay — by = 0.
The elimination of such (secular) terms has been discussed by
Whittaker [88], [89], Cherry [91], and Contopoulos [237].
In the case of a stellar system with an axis and a plane of sym-

metry we can develop the potential function in a region around
a point (ry, 2o = 0) in the plane of symmetry in the form of a series

(131) 2V = — (C¥r?— P& — Qz*+ 2a£%/3 4 2bgz* + ---),
where ¢ =r — ry; C is the constant of areas and P, @, a, b are

constants.

In the case of our Galaxy one can take approximately P
=0.076 (10" years) % Q= 0.550 (107 years) % a =0.052 (10’
years) * kpc', b= 0.206 (10" years) * kpc .

A third integral of motion can now be found as a formal series
(see [93]):

(132) ® =&+ ad,+ bdy+ -+ + a’dy + abdy, + by + -

where

1 . . 1.
<bo=§(Ps‘+R‘), &, = —555,
(133)

_ 1 . 2 2
#= g —p (P~ 2Q)62* ~ 262+ 2Re2),
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etc. The accuracy of this integral is very great. In two orbits cal-
culated for 5 X 10 years, the accuracy is better than 1/1000 if
terms up to the third degree are included (see (97]).

The existence of an isolating or quasi-isolating third integral can
explain the three-axial form of the velocity ellipsoid. In fact, we
may take approximately

3

1 2 N af
- b= (Pt b+ R? 3
to P ((P — 2Q) £2° — 2:Z° + 2Rz22),
and this is quadratic in the velocities. Then
(135) F=Aq¢(I)
where

I = 2FE — 2k,C + kyC? + 2k = R*(1 4+ ky) + (1 4+ kur)(0 — 0y)*

. . 4kt 4k,bz kir®
(136) 2 ( U AkabE N dkbz o kT
+27{1 4Q-P>+4Q—P 2T ke
2 2053 2b ) ¢ 2
+k:;<PE T3 b H‘[:’*ﬁ (P —2Q)¢z > .

This represents a three-axial ellipsoid whose main axis forms a
small angle (proportional to z) with the radial direction R. This
angle is exactly zero if z = 0.

Barbanis {97] gives for the velocities R and Z the distribution

(137) dN = Ae *** “*dRdZ,

and he finds k¥ = 19.7 (kpe/10° years) % [ = 14.1 (kpc/10° years)
The axes Z and R in the meridian plane have a ratio 0.5, as given
by observation (see [98]).

3. Galactic Orbits. The orbits of the stars in a stellar system are
in general calculated without taking into account the effects of the
encounters; i.e., a star is supposed to move in the general potential
field of the stellar system, considered as a continuum, and any
deviations from this motion, because of close encounters, are dis-
regarded. This is because the time of relaxation is very great in
comparison with the mean periods of the motions of the stars. E.g.,
in the Galaxy the time of relaxation is of the order of 10"
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years (see [2]), if only the interactions of stars are considered,
while the period of galactic rotation is about 2 X 10° years. This
means that a star may, under these conditions, describe 10° revolu-
tions around the center of the Galaxy before its orbit is markedly
changed(").

In a globular cluster the time of relaxation is about 10° to 10"
years (see [2]), while the rotation periods are of the order of 10°
years or smaller. Again the stars may describe many revolutions
before their orbits are markedly changed.

a. Plane Orbits. The orbits of stars in a globular cluster or in
the plane of symmetry of a galaxy have been widely studied.

In the case of a globular cluster (see [99], [100], [101], [102])
the potential energy per unit mass is

R
(138) V= — Gmr(r) _ 4wa ro(r) dr

where m(r) is the mass of the cluster inside a sphere of radius
r, p is the density and R is the radius of the cluster (that may be
considered infinite). The equations of motion are now

1 . ;
(139) 3 W' —vd) = V(ry) — V(r) and rzj—z = C.
If we set
(140) w(r) = — 2Gf mn)
o r

and
(141) h = v§ — w(ry,
we get

. dr\:  C*
142 2= = (= =
Thus we find

(143)

dt rk oo

<d_r>2 _ ) +hrt—-C  ¢(r)

( ) We shall see that other effects, besides the interactions of stars, make the
time of relaxation much shorter. However, it is longer than one rotation period.
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hence
: " rdr
(144) t—to=| —s-
* Jn ()
Similarly
T Cdr
(145) 68 =f _—
O Jr (e

where (ry, 8, is the initial position and (dr/dt), is the initial radial
velocity for t = ¢,

The function ¢(r) is positive or zero for r, (because r3(dr/dt)§ = 0),
and it is negative for r =0 (if C #0), i.e., there is a root r; be-

FIGURE 5. Angle from Apocentron to Pericentron
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tween 0 and ry. If w(r) > — « when r— «, or if w(x) is finite
and h < — w(«), then there is another root ry = r,.

It can be proved that only these two positive roots exist; if
h= — w(x) no second root exists.

In the first case the orbits move between a minimum r, (peri-
centron) and a maximum r, (apocentron) (Figure 5) and the
angle © between the directions of the pericentron and apocentron
is in general between =/2 and = (see [100]). If this angle is com-
mensurable with = the orbit is periodic. If however 6/7 is irrational,
the orbit is not periodic and it “fills” densely the whole annulus
between the circles r, and r,, i.e., it comes arbitrarily near any
point of this annulus. Such an orbit is called ergodic. An ergodic
orbit is also recurrent, i.e., it returns an infinite number of times
near the initial point.

In the second case the orbit extends to infinity. It is similar to
a hyperbola or a parabola.

In the case of a motion in the plane of an axially symmetrical
system some other possibilities may appear. In this case ¢(r) may
have a third root rs=r, and either ri S rg<rsorrs<ro. If rysry
<ry<rsand r; <ry the motion is represented by the rosette of
of Figure 5. If r, < ry < ry, the motion extends to infinity. If, how-
ever, Iy = r; then we have an exceptional case. The orbit issuing
from ry and moving towards r, approaches asymptotically the circle
rs, along a spiral (Figure 6) but it does not reach it in a finite time.
In fact then the integrals

"2 rdr "2 Cdr
o G f r(o(r)"?
diverge, because r, is a double root of ¢(r).
If ¢(r) has a double root we have
(146) o(r) = (w(r) + h)r*—C*=0,
(147) &’ (r) =w @ r*+ 2r(w(r) + h) =0.

If now ¢(r) is negative for values differing slightly from the above
then we have a stable circular orbit. If, however ¢(r) > 0 for slightly
different values of r, then we have instability. This happens if
¢{r) =0 is not a maximum, i.e., if ¢”(r) = 0. Then
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(148) w (rr*+ 4rw' (r) + 2w(r) + h) = 0,

and by means of Equation (147):

3w’ (r)
r

(149) w”(r) + > 0.

If this inequality holds, the corresponding circular orbits are
unstable; i.e., a small perturbation will make them spiral outward
or inward. For more details, see e.g., Lindblad [5], [103] and
Coutrez [104].

The instability of the circular orbits has been used by Lindblad
in order to explain the spiral arms of the galaxies. He remarked
that such orbits can appear only if the oblateness of a spherical
system (the quantity (a — b)/a where a is the major axis and b
the minor axis) is greater than 0.72. But this is approximately the
limit of the oblateness of the elliptic galaxies; systems with greater

FIGURE 6. Asymptotic Orbits
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oblateness usually show spiral arms. However it is believed today
that the spiral arms are probably due to other phenomena, and
are not asymptotic orbits of the above type.

Orbits of stars in different models of the Galaxy have been cal-
culated by many authors [105], [106], [107], [108], [109], [110]
[111], [112], [113], [114], [115], [116], [117], [118], [119]. Such cal-
culations aim at finding the distribution of the pericentra and
apocentra of the orbits, their periods, etc.

Another approach to the problem of the plane motions of stars
in our Galaxy has been introduced by B. Lindblad [120]. He con-
siders all the motions, that do not differ too much from circular,
as epicyclic motions.

If r, is the radius of a circular orbit that has the same angular
momentum as a given orbit, we introduce the coordinates

&L=r—r, and g, = 8,

where 6§ is the angle between the directions of the star and the
point moving along the circular orbit.
The equations of motion are

d2£1 CZ
150 — =—— — K{(r),
( ) dat* (ri+ El)d (
where K(r) is the force per unit mass at the distance r;, and

dT]l Cr1
(151) kil AR S

dt (ry+ 51)2 e
where «, is the angular velocity of the circular orbit. Hence
(152) C=wri, and K(r) = CY/ri=uir.

If now we expand the second members of (150) and (151) in
power series of £ we get to a first approximation

d? .
(153) S a =0,
and

d
(154) % = — 2wy,

where
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(155) ki =3C*/ri+ K'(r) = 4w (w; — A1),
and

1 dw
(156) A1= —Erl <E‘>1

is the first Oort’s constant.
The solution is then

(157) & = ccosky(t — &)
and
wy 1< .
(158) m= —c < > sink (t — ty).
w) — 1

These are the equations of an ellipse described by the moving
point in its relative motion with respect to a point moving with
the circular velocity, and the same angular momentum. If we drop
this last restriction and take another circle of reference ry, where
ry=rog+ c,, then we have approximately

(159) E§=c,+ ccosk(t — ¢y,

w 1,2
A> Sinl((t - t())

because

— 2Ac, = rycy <Z—w> 2 rolw; — wg).
r/o
Here «* = 4w(w - A).
This epicyclic motion can be used in deriving the velocity el-
lipsoid (see [5]). The velocity components relative to the circular
velocity at the point (£,4) are approximately

d .
(161) U= d—f = — cxsink(t — &),
d
(162) d’t’ + 2A% = 2cBcos(t — t,),

where B= A — & is Qort’s second constant. Hence
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u? v?

(163) CZ=K—2+E‘2.

Now if we make the simple assumption that the distribution
function F depends only on the parameter ¢ and that the distribu-
tion is Gaussian

(164) F = Ae ¥

we get the ellipsoidal law

1/u* v*
(169 Fedew (5 (5t5))
and the axes of the ellipsoid are given by
) K* , 2B*
(166) az = W’ bz = _}—I‘T .
Then we find
bZ
(167) —=1- A
a w

This relation has been derived already in a different way (cf.
§II1.2). Further work in the same direction has been done by
Lindblad and others (5], [121], [122], [123], [124], [125], [126],
[127]. Lindblad has considered especially a specific type of epicyclic
orbits, the so called dispersion orbits, along which groups of stars
disperse because of the differential galactic rotation (see [128], [129],
(130], [131], [132]). These orbits have probably some connection
with the spiral structure of our Galaxy.

Some important numerical work concerning the motion of a sys-
tem of rings on the galactic plane has been done lately by P. O.
Lindblad [133]. He considers a number of massive points that form
one or more rings around the center of the Galaxy (the Galaxy is
represented by Schmidt’s model [134]). Then he considers the
motions of these points under the combined attraction of the
Galaxy and of the other points of the rings. It is seen that the
rings are preserved for some 10°® years but they disrupt before 10°
years in general. Then some formations resembling spiral arms are
formed. Such a work is especially important because of its con-
nection with the problem of the formation of the spiral arms.
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b. Three-dimensional orbits. Calculations of three-dimensional
orbits of stars in a galaxy were made by Contopoulos [135],
Torgard [136], Ollongren [137], and Hori [138].

If we consider a meridian plane containing the axis of symmetry
of the Galaxy (considered as ideally axially symmetrical), which
follows a star in its motion around this axis, we get a two-dimensional
motion of the star on this meridian plane. In the case that the
motion does not extend to infinity, the energy integral defines a
torus around the axis of the Galaxy inside which the three-dimensional
orbit is contained. The section of this torus with the meridian plane
is a closed curve. This curve is called a “curve of zero velocity”
because if the moving point reaches this curve its velocity is zero.

The energy integral is

1 2 ,  C*
(168) E=§<R +Z +7>+V’

where V is the potential energy per unit mass. Therefore the equa-
tion of the torus of zero velocity (R=Z = 0) is

(169) C¢/2ri+ V=E,
and if

1 C* . ., 2ag? , X
(170) V=§<—F+P£Z+Qz‘——ai —2b£z‘+--->
with ¢ = r — r,, we have
(171) P+ Qz* — 2a¢%/3— 2bgz* — ... = 2E.

In this case Poincaré’s theorem is applicable; i.e., the motions
are in general recurrent.

If now the orbits are also ergodic on the energy surface, they
fill the whole space inside the curve of zero velocity. However,
the existence of a third integral has as a consequence that the
orbits fill only part of the available space. This is limited by a
curvilinear quadrilateral (see [135]), which in our case is approxi-
mately an equilateral trapezium (Figure 7). The orbits are distorted
Lissajous figures and the equation of the boundary is given in the
form of a series.
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The same results appear in the orbits discussed by Ollongren
and Torérd, who calculated a great number of orbits in a model
of the Galaxy given by Schmidt [134]. In general the orbits are
contained inside a “box” whose apices lie on the torus section of
zero velocity. This is a very strong indication that a third isolating
integral exists in this case also and therefore in more general po-
tential fields. In the case of a separable potential of the general
form (104) the boundary is composed of two ellipses and two hyper-
bolas (see [84], [138]).

Ollengren and Torgard found some other types of orbits, the so-
called “shell” and “tube” orbits. The “shell” orbits fill rings that
have no point in common with the curve of zero velocity. The
tube orbits fill elongated narrow strips that have, eventually,
many folds (Figure 8). These orbits lie near stable periodic orbits.

The calculation of three-dimensional orbits gives the periods of
the oscillations along the ¢-axis and the z-axis. In the case of
the orbits calculated by Contopoulos the axial oscillations have a
mean period of about 24 X 107 years and the z-oscillations a period
of about 9 X 107 years (see [84]). Therefore the ¢-oscillations are
realized in a time approximately equal to the period of rotation
of the Galaxy, while at the same time the orbit makes 2.5 complete
oscillations along the z-axis.

Another application of these calculations concerns the dispersion
of a group of stars in the Galaxy. If we have a group of stars with
slightly differing initial conditions, their velocities when the stars
come again near the initial point are very nearly the same, or nearly
symmetrical with respect to the axes ¢ and z. In fact for any given
orbit at every point (£,2) there are defined only two directions of
motion and 4 velocity vectors, of which two are opposite to the
other two. These directions are exactly symmetrical with respect
to the axes if z=0.

This means that though the stars are separated because of
their differential motions, whenever they return near the same point
they have almost the same velocity vectors. Further, even if they
have some dispersion in their velocities, their mean periods are very
nearly the same (see [184]); therefore the stars of a group come
near each other again and again during a time interval of at
least some billion years. This fact may explain the persistence of
the groups of stars, found by Eggen [139], [140], [141], [142], [143],
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+1F

FIGURE 8. One Half of a Tube Orbit (Ollongren)
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[144], [145], [146], [147] and Eggen and Sandage [148], for long
time intervals (see [149]). These are groups of high velocity stars
with a rather small dispersion in their space velocities, but not so
near each other so that they are gravitationally bound. We have
seen that the dispersion on the meridian plane is small. More ac-
curately after the stars are dispersed they come again close together
with almost the same velocity (or with opposite velocity, or even
with an approximately symmetrical velocity with respect to the axes
¢ and 2).

The only marked dispersion of these stars is due to the galactic
rotation. This effect has been discussed by Woolley [150], |151]
and King [152]. According to Woolley the periods of galactic rota-
tion of the stars of a group must be very nearly equal; i.e., the
dispersion of their plane velocities must be very small. According
to King, however, the radial velocities may not be so nearly equal.
The stars originating at a given point come close together again
after one oscillation in the radial direction. This view is similar
to our own regarding the motion in the meridian plane (see [149]).

The theory of epicyclic orbits in three dimensions has been dis-
cussed by Chandrasekhar [153| and lately by Shimizu [154] and
Emoto [155].

The projections of the three-dimensional orbits on the plane of
symmetry of the Galaxy have been considered by Contopoulos [156]
and Yasuda |157]. The orbits corresponding to a spherical galaxy
are osculating with the projections of the real orbits, in the same
way as the Keplerian orbits osculate with the real orbits of the
planets in the solar system. A system of canonical variables for
the galactic orbits has been developed by Contopoulos and Bozis
[158]; it permits the study of perturbations of galactic orbits due
to the ellipticity of the system, or to external influences. The use-
fulness of the methods of celestial mechanics in these problems is
quite evident.

A similar problem to that of the three-dimensional orbits in a
Galaxy is the calculation of the orbits of artificial satellites around
the oblate earth. In the meridian plane the orbits fill a certain
space defined by a third integral; in the three-dimensional space
the orbits fill in general a torus that is similar to the van Allen
belts. An application of an approximate third integral of motion
to the orbits of satellites was made by Diliberto, Kyner and Freund
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[159]. Vinti [160] gave a separable potential that represents ap-
proximately the potential of the earth and gives 3 isolating integrals
of motion.

c. Ergodicity. In the case of galactic orbits, that do not extend
to infinity, in 2 or 3 dimensions, one can apply Poincaré’s theorem
and state that almost all moving points will pass an infinite number
of times near the initial point. In fact, in these cases an invariant
set Q of finite measure is always present. In the case of 3-dimensional
orbits the section of the above set by the plane of symmetry of the
Galaxy is an annulus between two circles of radii r; and r,. Its
section with the 3-dimensional space is a torus generated by the
curve of zero velocity.

Poincaré’s theorem, however, does not tell us if an orbit will
fill the whole annulus or the whole torus. This can be decided by
means of the so-called ergodic theorem. If the set Q@ cannot be
separated into invariant parts €;,Q,, --- of positive measure, then
it is called metrically indecomposable or metrically transitive. In
this case an orbit fills the whole space equally densely. The moving
point remains inside any given subset w C Q of measure m for a
fraction of the total time that is asymptotically equal to the ratio
m/M, where M is the measure of Q; i.e., if the moving point stays
inside w for time intervals ¢, + ¢, + ¢35+ --. = t during the total time
T, then the limit t/T for T— + « exists and is equal to n/M.

This theorem was proved by Birkhoff [161]. Another proof, due
to Kolmogorov, is mentioned by Khinchin in his book on the founda-
tion of statistical mechanics [162] (*).

The main difficulty of the ergodic theory is to prove that a given
system is or is not metrically transitive. No such general theorem
is available. Oxtoby and Ulam [165] proved what seems to be the
most general theorem in this direction, namely that the measure
preserving flows are metrically transitive “in general.” However,
it is possible that the dynamical systems are exceptional in the
sense of Oxtoby and Ulam. (See e.g., Diliberto, [166]). This pos-
sibility is closely connected with the existence of some ‘‘hidden”
integrals of motion. In fact if there exist a number of isolating

(®) For further reading see the monograph of Miinster |163] in the Handbuch
der Physik. Many mathematical problems of the ergodic theory are discussed
by Jacobs |164].
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integrals the orbits lie always on the “gurfaces’ defined by the
constant values of these integrals. If, however, only one or tvx.'o
integrals of motion are known, we cannot assert that the orbits will
fill the whole space defined by these integrals, because it may be
that another isolating or quasi-isolating(®) integral, not known
already, is present. In fact if by calculating some orbits we find
that they do not fill the whole permissible space defined by the
known integrals, this is an indication of the existence of a further
isolating or quasi-isolating integral (see [74], [85]).

In this connection Moser [167], [168] and Arnol’d [169], [170]
proved a very important theorem. Under some very general as-
sumptions periodic orbits in a two-dimensional potential field are
stable; namely in the 3-dimensional space defined by a constant
value of the energy constant the orbits either lie on tori surrounding
the periodic orbits, or they are contained between two tori of this
kind. In both cases the orbits are not ergodic, i.e., they do not fill
the whole energy ‘‘surface.” In our terminology these cases are
either isolating or quasi-isolating.

4. Some further problems. The numerical calculation of orbits in
different potential fields is of the greatest interest, especially as
regards the existence of further integrals.

For example one should calculate some orbits in slightly elliptical
systems such as the elliptical clusters, the elliptical galaxies and
the oblate earth. In a spherical potential field the orbits fill, in the
meridian plane, an area between two circles and two straight lines
symmetric with respect to the plane of symmetry (Figure 9). For
slightly perturbed fields the area filled by the orbit should be slightly
different from the above. This has been found in some examples
calculated recently by Contopoulos and Danby. However in some
special cases of slightly elliptical systems the orbit fills a parallelo-
gram (see [85]). A number of orbits have been calculated in some
resonance cases of the third integral. In the expansion of the third
integral in the form of a series there appear an infinite number of
divisors of the form m*P — n*Q and some of them may be very
small or even zero. When one such value is zero we have a resonance
in the unperturbed motion (when we have two uncoupled oscillations

(") A quasi-isolating integral is neither isolating nor ergodic; in general an
orbit does not lie exactly on some isolating surface in the phase space, but 1s
contained between two such surfaces (see [74]).
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in two perpendicular directions) and the form of the third integral
changes (see [152]). It has been found, however, that in the case
of higher order resonances, (where P?/Q"* is not equal to 1/1 or
to 2/1), the forms of the orbits do not change very much. Only
if PY*/Q"* is 1/1 or 2/1, do thé orbits change appreciably. Such
resonance cases should be considered in other problems also.

FIGURE 9. Recurrence Region for Spherical Potential

We have calculated some orbits in the case of an axially symmetric
system that has not a plane of symmetry. It is evident that a third
integral exists in this case too. In the case of a system that has no
axial symmetry, there are two integrals besides the energy integral
(see [85]). These, however, do not correspond to the angular mo-
mentum and the third integral of the axially symmetric case.

One could think of other more complicated potential fields also.
Such is the case of the 3-body problem or the n-body problem. In
all these cases the calculation of some orbits may indicate the ex-
istence of new isolating or quasi-isolating integrals, whenever such
integrals exist.

Of special importance is the calculation of periodic orbits. The
periodic orbits play an important role in classical celestial mechanics
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and they should play a similar role in stellar dynamics. A few
periodic orbits in the case of the potential field (131) have been
calculated by Goudas and Barbanis [171]. The initial velocities of
these orbits are perpendicular to the plane of symmetry. We found
also periodic orbits with nonvertical initial velocities.

The calculation of orbits in a realistic potential field, representing
our Galaxy is of importance for another problem also. In this way
one could find the evolution of the distribution of stars of different
ages in the Galaxy. E.g., one could find if the A stars were more
concentrated in spiral arms in previous times, and so find eventually
the age and the points of origin of these stars. This work necessitates
accurate values of the proper motions of the stars as well as a good
knowledge of the galactic field. The calculations of the perturbations
due to the spiral arms is of interest in this connection.

Another application of the third integral is in constructing models
of stellar systems by means of a distribution function F that de-
pends on three arguments, E, C, and . Most of the models con-
structed until now depend only on one or two arguments. Therefore
it should be of great interest to have more general distributions,
including the third integral also.

IV. The statistical approach.

1. Introduction. The main purpose of the statistical approach of
stellar dynamics is to connect the two former approaches of particles
and continuum. This is essentially the object of statistical mechanics
in general. In fact in statistical mechanics a probability is defined
for any given particle to be in any given region of the phase space.
The distribution of a great number of particles is assumed to follow
this probability law which gives a continuum distribution.

This method, however, is not easily applicable to stellar dynamics;
in fact a consistent definition of probability in the case of stellar
dynamics has not yet been given.

A “probability density” p is a positive quantity that is normalized,
i.e., J,pdw =1 for all the phase space u, and it is an integral of
the equations of motion. The last property is derivable from the
following fact. If the probability that a particle belongs to a certain
set w in the phase space is P, then after some time ¢ the set w is
transformed into ¢(w,t!) and this has the same measure as w. On
the other hand the probability of ¢(w,f) is equal to P, because
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each point of w defines uniquely one point of ¢(w,t). Therefore
the probability density p = lim(P/m(w)) is constant along an orbit.

We can define as probability density the quantity p = f/N, where
f is the distribution function and N the total number of stars of
a stellar system. Such a probability density would give only the
known continuum approach of stellar dynamics. However, here we
want to findf, as it is done, for example, in classical statistical
mechanics, by using the ergodic theorem or assuming equal a priori
probabilities.

The form of f may be found by adding a new element in our
picture, and this is the interaction of the stars among themselves.
In the continuum approach we never used the fact that the indi-
vidual stars which compose the continuum attract each other ac-
cording to Newton’s law. If these interactions of the stars with
each other are taken into account, we may be able to derive a
“final” distribution function towards which any initial distribution
of positions and velocities tends, or at least to find the evolution
of a distribution function in the course of time, once the initial
distribution function is given.

This problem can be solved, in principle, by numerical integra-
tion. This, however, is equivalent to solving completely the n-body
problem, and this is quite impossible in practice since the number
of the gravitating bodies is very great. Therefore, we should rely
on some general principles.

The basis of statistical mechanics is the assumption of equal
a priori probabilities for equal volumes of the phase space. In order
to do the same in stellar dynamics it is sufficient to find an invariant
set @ of positive but finite measure; then a function p that is a
positive constant inside Q@ and zero outside it can be taken as a
probability density. Kurth [4], [172], however, remarks that no
such invariant set is known and probably does not exist; therefore
no statistical mechanics of stellar systems exists. For this reason
he rejects all statistical methods in dynamical astronomy, such as
the notion of the relaxation time, the Boltzmann distribution etc.

However there is at least one case, mentioned above (in §I1.4)
where we can define an invariant set Q. This is the case of the
plane restricted 3-body problem. In this case a probability density
can be defined. It should be very important to find similar cases
in the n-body problem also. The results of Arnol’d [33] open new
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possibilities in this direction.

Further one may find criteria to distinguish between orbits ex-
tending to infinity and recurrent orbits. Then we might apply our
considerations to the set of the recurrent points only.

But even if these possibilities are not realized, one can apply
quite generally the methods of statistical mechanics to stellar dy-
namics, under some ‘‘reasonable” assumptions, as a convenient
means to study approximately the behavior of stellar systems.
Such a discussion has been made by Heckmann [173].

The statistical mechanics of stellar systems can be applied in a
region of the phase space that is not infinite, whether this region
is really invariant or not, if we have reasons to assume that the
motions that extend outside this region are rather exceptional. This
method is of course, only approximate, but it has the same value
as the approximation of a stellar system by a continuum, or even
by n gravitating bodies moving according to Newton’s law.

In fact the main argument of Kurth against the statistical me-
chanics of stellar systems is that it contradicts the theorems of
Hopf. The statistical mechanics considers the evolution of a stellar
system as an irreversible process, i.e., as a one-way evolution toward
a final state which we might call the state of maximum entropy.
According to the theorems of Hopf, however, there is no such final
state. The system is either recurrent or its representative point goes
to infinity; but the second alternative happens only if the representa-
tive point came from infinity. We may say more loosely that a
system disintegrates only if it was formed by captures. A recurrent
system, however, is almost periodic for infinite time, and no final
state exists, unless it is periodic.

This objection is quite similar to the famous ‘‘recurrence ob-
jection” (Wiederkehreinwand) of E. Zermelo against the irreversi-
bility of statistical mechanics. Zermelo’s argument, based on
Poincaré’s theorem, states that the increase of entropy of a system
is followed by a corresponding decrease of entropy as the system
returns arbitrarily near its initial state. In fact, such increases and
decreases of entropy alternate, and evolution of every physical
system is oscillatory.

A very interesting ‘“conciliation” of the recurrence theorem
with the classical views of thermodynamics is due to P. and T.
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Ehrenfest [174]. The Ehrenfests point out (a) that if at some time
the entropy is much less than its maximum value, it will practically
always tend to increase, (b) that this is true for both time directions,
and (c) that the entropy remains quite near its maximum value
practically all the time. In other words the time interval during
which a system is far from equilibrium is quite small in comparison
with the time of equilibrium. Therefore, the actual Universe is a
very improbable deviation from equilibrium.

However, such deviations from equilibrium do exist, although
they are very rare. In the case of a gas the time of relaxation, i.e.,
the time needed to reach equilibrium, is of the order of 10~ seconds;
whereas the recurrence time for one cm?® of gas (10" atoms), i.e.,
the time needed so that each atom should return near its initial
position with nearly the same velocity, has been calculated by
Boltzmann to be of the order of 100" years! In the case of a stellar
system the relaxation time is of the order of 107 to 10" years,
while the recurrence time is at least of the order of 10" to 100®ww
years as we have already calculated (in §I1.5). Therefore, even if
a stellar system is recurrent, the statistical methods can be applied
if they deal with time intervals small in comparison with the re-
currence time.

The Ehrenfests’ approach has many advantages, but it has one
main disadvantage in that it considers the two time-directions as
essentially equivalent. However, the uniqueness of the time direction
is one of the most basic principles of physics, of the same status
as the principle of causation.

On the other hand, the gravitational law of Newton and the laws
of mechanics in general are symmetric with respect to the past and
future. One can escape from the dilemma only by assuming a limited
extrapolation of any physical law and the laws of mechanics in
particular. One can practically never extrapolate the laws of me-
chanics for intervals as long as the recurrence times. For example,
the accuracy with which the changes of the angular elements of the
planets are known, on which the accuracy of the law of Newton
is based, is of the order of 1”/century (see [175]). This corresponds
to an inaccuracy of 90° in about 4 X 10 years, which is roughly
of the order of one relaxation time but quite small in comparison
with the recurrence time.
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If we assume that Newton’s gravitational law changes slowly in
time then our proof of Hopf’s theorem is no more valid. In practice
there are many quite evident reasons why one cannot extrapolate
Newton’s law for extremely long time intervals. The loss of mass
of the stars, their friction with the interstellar matter, or the actual
collisions of stars, completely change the behavior of a stellar system
in time intervals quite small in comparison with the recurrence
time. Fricke [176] has calculated the effects due to a resisting
medium on the motion of the stars. From his formulae we find
that for a density of the interstellar matter of the order of 10
gram *, the velocity of a star is reduced to one half atter a time
of the order of a hundred to a thousand times of relaxation. There-
fore, Newton’s law is applicable only for time intervals of the order
of a thousand times of relaxation. In much longer times the small
irreversible effects become predominant. Hence in the long run all
the physical and astronomical phenomena show a definite time-
direction.

The theorems of Hopf are very useful as regards the mathematical
theory of the n-body problem, but not as regards the behavior of
real stellar systems. For these reasons the use of statistical methods
in stellar dynamics is well justified; in fact in many cases these
methods give us more information than particle mechanics.

2. The Relaxation Time. As a first illustration of the application
of statistical methods to the problems of stellar dynamics we shall
give the main steps of the calculation of the time of relaxation of
a stellar system. The first satisfactory calculation of the time of
relaxation was made by Chandrasekhar |2].

There are several definitions of the time of relaxation. Here we
shall use the following: The time of relaxation T is the time needed
so that the mean change of the kinetic energy of a star due to
encounters is equal to its initial kinetic energy. Namely, if E is
the kinetic energy of a star and AE is the energy exchange in each
encounter, then in time T, we get the equality

(172) S (AE)? = EX

This time is found in the following way: Each encounter is con-
sidered approximately as a two-body problem and (AE)?* is cal-
culated; then we take the contribution of all the encounters suffered
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by a star in time At. The sum Y (AE)* becomes equal to E? when
At = Tg.

Let v, be the velocity of the center of mass of two stars with
masses m;, m, and velocities v, vy; i.e.,

(173) v, = (myv; + mgvy).

m;+ my

On the orbital plane (where the relative motion of the two stars
takes place) we have the relative velocity

(174) V=0 — U
Hence

_ myu -
(175) Uy = g + v,.

The relative velocity does not change in measure during the en-
counter, but it is deflected by an angle = — 2¢ (Figure 10). D is

FIGURE 10. Change in Relative Velocity
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the distance of m, from the initial velocity vector of m, and is
called the ‘“impact parameter’. If

xZ 2
(176) - %Z -1
is the equation of the relative orbit, then
(177 tan*y = b*/a®,
and
b=D,
while
(178) b*/a = p = C*/(G(m, + my)),
where
(179) C = The constant of areas = Dv.
Therefore
(180) a= M;
v
hence
D**
(181) tan®y = (“(ml T mz)
Then (see (175) and Figure 11) we have
bog = Vg — by = —2 B,
o P m+my
Vg = Uy — U= — 2 i
Ve = - m,+ m, '

Asv and v have equal length, so do vy and vj,.
Let & be the angle between v, and v (Figure 11); then

. . 2m m, 2 .
2 2= vi+ - &+ < > ‘.
(18 ) Ug Ug : , Uy U COS 1 ) v

Similarly after the encounter

2
(183) vt = v+ vvcosd’ + < ™ > ve,

m,+ m, m,+ m;
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orbital
plone

FIGURE 12. Projection Angles
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because the length of v remains the same. Hence the change
in kinetic energy during the encounter is

mym,

1 . ,
(184) AE= 3 my(v5: — vd) = v v(cos &’ — cos d).

m,+ m;

If i is the angle between v, the projection of y, on the orbital
plane, and v, and ¢, ¢’ the angles between v, v’ and v, (Figure 12),
then

(185) cos = cos Cosi, cos &’ = cos ¢’ €OSI.
But
(186) ¢ — =1 — 2y.
Hence
o+¢ = -
187 -2 _
(187) 5 g ~Vte
therefore
cosd’ — cosd = cosi(cosd’ — cosp) = 2sin 2 —; ¢ sind’ —2 ® cosi
(188) _ _
= — 2cosicos(p — y)cosy

and

N 2m\m, — .
(189) AE = — = v,Ucos(¢p — ¥)cosy cos i.

m;+m,

Let us calculate now the number of encounters of a star with
velocity v, with other stars. If (v,,6,¢) are the polar coordinates
of the point v, in a coordinate system having as z-axis the velocity
v, (8 is the angle v,v,, and ¢ is the azimuth of the plane v,0,). Let
N(v,8,¢)dv,d6dé be the number of stars with velocities in the
range (v, v, + dv), (8,0 4 do), (¢,¢ + do). The number of stars
with impact parameters between D and D + dD encountered in
time dt is proportional to 2z Dd Dvdt.

If 0 is the angle between the orbital plane and the plane v,v, then
the proportion of stars having this angle between 0 and 0+ dO
is d0/2x. Hence the change of energy of v, in time dt, due to en-
counters with stars with the parameters v,, 6, ¢, D, 0 in the above
range, is
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Z (AE)Z(UI’ 01 d’: D, O)
(190) do
= (AE)*2xN (v, 9, ¢) deD2— dv,dode di
kg

2
=4N(v,, 9, ¢) v§v3< m_l*_mz ) cos’i cos*(¢p — ) cos’y DADdAO dv,ds de dt.

m, + m,

Now we must integrate over all the values of D, 0, 8, ¢ and v to
find the total change D (AE)* in time dt. By (181)

(191) DdD

)

_ G(mi+ my)* siny
vt cos’y

and for D—0 we have ¢y — 0 (because the deviation = — 2¢ then
tends to 2x), while for D — «, y — /2 (the deviation tends to zero).
Hence

2 (AE)*v,,8,4,6)
(192)

2 \LU _
= 4N (v, 8, ¢) szfmfvvicoszif cos“(¢ — y)tany dy dodv,dode dt.
)

This becomes infinite logarithmically as y,— 7/2. However when
D is great we cannot consider the encounters as two-body prob-
lems. If D, is the distance of the neighboring stars, and D> D, there
are many encounters at the same time which probably cancel
each other. On the other hand if D < D, the formula (192) over-
estimates each (AE)* because an actual encounter lasts less time
thanin the case of a two-body problem. For this reason Chandrasekhar
takes D = D, as the upper limit of the impact parameter. It is
to be noted that a change of this limit by a_factor of 2 does not
appreciably change the value of (AE)*v,#,¢,0) because it con-
tains the term

-y
JO Ucos”@ — ¢) dlogcosy,
and this does not change very much if tan y, changes by a factor of 2.

This is the most delicate point in the calculation of > (AE)%
The integrations with respect to 0, 6, ¢ are made relatively easily
if the distribution of velocities is assumed to be spherical (i.e.,
N(v,6,¢) = N(v) sing/47), and if we drop all the numerically un-
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important terms. Finally the integration with respect tq vy 18 e'ffected
by assuming a Maxwellian distribution of the velocities v, 1.€.,

.3
(193) N@) doy = 2L Nexp(— jo?) vido,
n

where N is the number of stars per unit volume.
Finally we find

2 (AE)*  dt
where
o
(195) Ty = —
32x NG'm2G(x,) In <—DA"’2— )
L G(m, + m,)
Here

(196)  xo=ju, and G(xo) = %;(H(xo) — xoH (%),

where H is the error function

X

2 v .
(197) H(x) = TJ exp(— x*) dx.
T q
Hence if dt = Ty then Z(.\E)"’ = E? therefore Ty is the time of
relaxation.
For our Galaxy N = 0.1star/pc’, Dy=2.7pc, m, =050, v
= 20km/sec, j = 0.032sec/km and we find that

Ty =7 X 10" years.

This quantity is big enough so that the individual orbits of
stars do not change appreciably because of the encounters. During
the revolution of the sun around the center of the Galaxy (2 X 10°
years) the mean change of the energy of a star is about 0.0017E.
Correspondingly the mean change in the direction of the motion
of a star is Ay ~ 0°07. For this reason we have neglected the
stellar encounters in calculating the orbits of stars in a stellar
sy.-tem.

If the velocities v, also have a Maxwellian distribution we find
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a mean time of relaxation
o 1 3\l S 3/2
(198) TE=—< > _ (3) _ ’
16 NG*m*In(Dgw35/2Gm)

if the masses of all the stars are equal.
In the case of a spherical cluster we may apply the virial theorem
and have

™

— Gmn
2 = ——
(199) v SR

where n is the number of stars, and R* = r*/2 is the value used
by Chandrasekhar as the radius of the cluster. If we draw around
each star a sphere of radius D/2, the volume of all these spheres
is approximately equal to the volume of the cluster; i.e.,

4 Dy\? 4 3
(200) §7r<—2—>n—§1rR s
hence
(201) %— =92nV?
Also
4 .
(202) 3 xR*N = n.

Setting these values in formula (198) we get

1 37r 1,2 nR*J 1,2 1
(203) TE:E <7> < Gm > In(n/2*%) "

As an example, the time of relaxation of the Pleiades is T
= 2.9 X 10’ years. Therefore in this case the time of relaxation
is much shorter than the age of the cluster; i.e., the encounters
must have already achieved a statistical equilibrium. The same
thing happens in the central parts of the globular clusters also
(see [177], {178]).

Many astronomers like Charlier, K. Schwarzschild, Rosseland,
Heckmann and Siedentopf, Spitzer, and Fricke have worked also
on the problem of the time of relaxation. Fricke [179] has pointed
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out some errors in the earlier discussions. However, Fricke’s method
also (which is presented in von der Pahlen’s book [3]) is not con-
venient, as pointed out by Heckmann [180].

Chandrasekhar has made another approach to the same problem
using purely statistical methods (see {181]). He finds almost exactly
the same values for the time of relaxation.

The above calculations, however, consider only the interactions
of stars among themselves. Some authors have considered also the
effect of the interstellar medium on the relaxation of stellar veloci-
ties. Spitzer and Schwarzschild [182], [183] have studied the effect
of the interstellar clouds on the motions of the stars. They found
that because of the encounters of the stars with interstellar clouds
the time of relaxation is shortened very much and is only some
10® years for our Galaxy. This is due to the fact that Ty is inversely
proportional tom*N, where mN is the mass density. Hence if the mass
density remains the same, but instead of stars of mean mass 0.50
we have big clouds of mass m = 10°®, the time of relaxation 18
2 X 10° times smaller. Only for the high velocity stars is the time
Ty still big enough, since it is proportional to vy'%

Osterbrock [184 | found similar numerical results by assuming that
the stars move in a fluctuating interstellar medium. Similar con-
clusions are also reached by Ogorodnikov [185].

A few years ago Hénon |186] calculated the time of relaxation in
a way different from that of Chandrasekhar. He considered the
distant encounters as perturbations instead of two-body encounters.
This is more reasonable than completely disregarding the distant
encounters.

Hénon’s formula is similar to that of Chandrasekhar, except that
the logarithmic term of Equation (203) is replaced by

In(2v*T/e*G(m, + m.,)).

This means that the perturbations f_:(AE)z are not proportional
to T, but increase initially a little faster than 7. This, however,
seems to be due to the method of calculation used and not to a
real physical phenomenon.

When 07T becomes = A, where A is the ‘“Jeans length” (the di-
ameter of the condensations formed by gravitational instability
(see [69, p. 348]), then vT is replaced by
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7rl)2 12 Qrr* %
(204) *‘(m) =g =y

r* is the radius of the cluster given in §II.1 by the formula r*
= GM/v*, and Nm = 3M/(4xr*%). Therefore the “Jeans length”
is roughly equal to the diameter of a cluster. Hénon gives D, by
the formula

-1,3 13
(205) Dy= N~ = <43:‘*3> _ <‘%"> Pl o,
T

hence
A> D,

The logarithmic term in Equation (203) becomes

31n <27rn> .
2 3e* /)’

i.e., Chandrasekhar’s time of relaxation T must be multiplied by
about 2/3. The change is unimportant.

The same formulas apply also in the case of a plasma (see [187],
[188]). In this case

kT 1,2
(206) A= <W>

(T is absolute temperature, k is the Boltzmann’s constant, N the
particle density, and e the electron’s charge), and this is the so-
called “Debye length,” i.e., the distance over which the Coulomb
forces are effective in a plasma. At greater distances a screening
effect due to charges of opposite sign does not permit the inter-
action of the charges.

In the case of a stellar system this screening effect does not appear,
and therefore \ is equal to the diameter of the system (see [189]).
However it should be of interest to find out the action of distant
perturbations, in connection with the problem of the fragmentation
of a system into clusters of stars. Jeans’ study refers to instabilities
that occur in a continuum if the wavelength of a density variation
exceeds a critical value which is the Jeans length. Similar work
was done lately by Lynden-Bell [190]. The problem now is to find
how far these considerations apply to real stellar systems composed
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of interacting stars and not only to continuum media. Layzer
[191] has recently criticized Jeans’ results; he points out that
nonlinear effects probably do not permit fragmentation.

In this connection one should consider the problem of formation
of condensations of different sizes (galaxies, stellar clusters, stars)
especially in rotating systems. It is not quite clear if formula (204)
can be applied also when v refers to a rotating coordinate system,
i.e., if it is the velocity with respect to the local standard of rest.

Some experimental calculations of the time of relaxation in a
plasma have given values that are 1000 times smaller than cal-
culated theoretically. This is the so-called Langmuir’s paradox
(see [192], [193]). Fricke [66] has suggested that perhaps forces
other than Coulomb’s play a role here. A few years ago, however,
Gabor, Ash and Dracott [194] showed that some oscillatory fields
are generated at the walls of the plasma containers adding energy
and entropy to the electrons, and thus causing a Maxwellian
distribution to be reached very soon.

A problem similar to that of the time of relaxation is the problem
of dynamical friction (see [195], [196], [197], [198], [186]), i.e.,
the continuous decrease of the velocity of a star along its orbit due
to interactions with other stars.

Chandrasekhar’s time of relaxation refers to systems with
constant density. In actual systems, however, the density de-
creases outwards. Therefore the time of relaxation in the outer
parts of a stellar system is larger. Consequently a system cannot
be very approximately in equilibrium except in its central parts.
Further, the time of relaxation for a circular orbit is larger than
for a radial orbit that has the same apocenter. Calculations of the
time of relaxation in different models of star clusters were made
by Woolley and Robertson [200], [71] and by King [201]. King
finds a mean time of relaxation 4 times greater than given by
Chandrasekhar’s formula, for clusters with a central condensation.

3. The Escape of Stars from a Cluster. One of the most important
problems in the evolution of a stellar cluster is the escape of stars
from it and the subsequent dissolution of the cluster. This problem
has been studied by a number of authors, including Chandrasekhar,
King, Hénon, von Hérner, etc. In order that a star should escape
from a cluster its total energy must be positive or zero; i.e., its
velocity must become equal or greater than v., where
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1 . tomm;
(207) smt=GY BT (),

2 j=xix; Vi
and further encounters should not reduce the velocity at any point
below the corresponding v.. We may omit the latter effect as of
unlikely occurrence in general (see [199]).

Adding all similar terms we find
n ; 1 - sz -

(208) %iglmivi; 5 mnyi= — 20 = _R*_n or vi= 2(;’?.
On the other hand from the virial theorem we have v? — Gmn/2R*,
hence

(209) vE= 4p?

In a Maxwellian distribution of velocities

4nj? o o
(210) dn = % exp(— j&%) vidy,
™
we have
(211) v*=3/2j% and vi=6/j2
Hence the fraction of stars
4 © o
(212) Q=3 f _exp(— x%) x*dx = 0.0074
T 6l/2

have a velocity greater than the velocity of escape.
As the stars escape, however, new stars acquire velocities

greater than the velocity of escape because of the encounters,
and so we have a continuous escape of stars. It is argued that
during one time of relaxation, T, a Maxwellian distribution is
restored in a cluster and therefore in n,; times of relaxation a fraction
of An/n = n,@Q stars will escape. Hence in general the proportion
of stars escaping in time At is

A At
(213) —nn—z 0.0074 2" .

B

In other papers Chandrasekhar [195], [196], [197] calculates
the probability Q(r) that a star will escape from a cluster in time
r. He finds first that if we omit the action of dynamical friction,
the cluster is dissolved completely in a few times of relaxation.
An open cluster is dissolved in a few 10° years. If, however, dy-
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namical friction is taken into account, the lifetime of the clusters
ismuch longer. Chandrasekhar finds then that @(7) = 1 — exp(— 7/To)
where T, is the half-life of a cluster equal to T, = 266 Te("). Hence
the half-life of the Pleiades instead of being of the order of 3 X 10°
years becomes of the order of 3 X 10” years.

Recently the problem of the ejection of stars from a cluster has
been considered in detail by many authors.

King in a series of papers [199], [201], [202], (203], [204], made
some improvements on Chandrasekhar’s theory. He considered the
variation of the time of relaxation Tz with time. As the stars escape,
the remaining cluster contracts continuously and Tp decreases.
Therefore the total life-time of a cluster is found to be only about
40Ty, where Ty, is the initial time of relaxation.

Similar results were found by von Horner (205]. He finds a dis-
solution time that is about 307 . The difference between King and
von Hérner is that King assumes that escaping stars take almost
no energy with them, whereas von Horner assumes that they take
a fraction of the total energy equal to 0.0052 (equal to the frac-
tional energy of the escaping stars in a Maxwellian distribution,
when they reach an infinite distance from the center) during one
time of relaxation. Earlier L. Spitzer [206] supposed that each star
takes away an amount of energy muv‘/2 where v? is the mean square
velocity. This is, of course, an overestimate. Probably King is nearer
to the truth, because a star escapes just as it acquires the escape
velocity and probably it takes away only an insignificant amount
of energy. It is evident that the Maxwellian distribution cannot be
valid for velocities bigger than the escape velocity.

After most of the stars of cluster escape there will remain probably
only a stable multiple star, or even a double star. King found that
if this double star gets all the energy of the cluster it will be just
a normal double star.

Hénon [41], [42] has made a critical study of the escape mech-
anisms of a star from a cluster. He points out that a gradual in-
crease of stellar velocities cannot result in the ejection of stars;
because if a star gets a velocity near the velocity of escape, it
moves in a very elongated orbit and only rarely comes near the
center where encounters take place. In fact, the star never acquires

(*Y) The formula used by Chandrasekhar is T = 1330, *, where ﬂ(;rl = 2Tg.
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the escape velocity if it is only subjected to a continuous set of
very small perturbations. Only during a very close encounter can
a star acquire abruptly the escape velocity. Such encounters, how-
ever, are very rare.

Hénon finds that the escape rate is given by the formula
dn <Gmn>‘/z

— = —0.00426 .
(214) 7 0 e

for the Plummer model, where n is the number of stars and r, is
the radius including, in projection, one half of the total mass. In
the case of a globular cluster (n = 10°) this quantity is about 150
times smaller than the value

(215) %l — — 0.125 (logn — 0.45) %"*—f

derived from Chandrasekhar’s formulas, as given in [2](}}). It is
also about 40 times smaller than the corresponding value given
by King. Similar calculations were made recently by Woolley and
Dickens [207].

Another important factor that influences the rate of escape of
stars from a cluster is the effect of the tidal field of the Galaxy
and of the passing-by stars and interstellar clouds. This problem
also has been considered by a number of authors.

The effect of the tidal force of the Galaxy has been considered
by Bok [208], Mineur [209], Chandrasekhar (2], von Horner [205],
King [210] and others. In order that a cluster should not be un-
stable under the tidal forces of the Galaxy, its density must be
higher than a certain limit, which is about 0.1 /pc®. This condition
is realized in the real clusters; e.g., in the Pleiades the density is
about 15 times the critical density. However, if a star goes out
farther than a limiting distance from the center of the cluster it is
usually lost from it because of the tidal forces. The limit according
to von Hérner is

M 13
(216) r= Ry <2—M—g> ,
where M is the mass of the cluster, M, the mass of the Galaxy

(“) If we insert in (215) the value of G in units of parsec, solar mass and year,
we get the formula (5.314) of Chandrasekhar.
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and R, the distance from the center of the Galaxy. If we set M,
=92 %X 10"® and R, = 10 kpc, we get

M 1/3
136 (L),
@17 4 6 <1000>

where r, is given in parsecs and M in solar masses.

If the radius of a cluster approaches this limit, its dissolution
is very fast. For R* = 0.5r, von Hérner finds a time of dissolution
equal to 8T If R* is smaller the life time increases up to the
limit 307 go.

The effect of the encounters of a cluster with other stars on the
rate of ejection of stars is small. However it has been found (Spitzer
[211]) that clouds of interstellar gas going by a cluster exert a
much greater influence than passing-by stars, namely about 30
times greater. This effect is of the same order of magnitude as the
tidal effect of the whole Galaxy on a cluster. Thus the disruption
times of the actual clusters are of the order of 10® to 10” years.

King [203] has considered both the contraction of an open cluster
due to the ejection of its stars and its gradual expansion due to
the effect of the tidal forces. The loose clusters tend to be dis-
solved by tidal forces, while the dense clusters are dissolved mainly
by internal encounters. King finds a critical radius re (about
1ipc for a cluster of 100 stars), that separates the clusters into
92 classes. The clusters with r < r.; are contracting, while those
with r > r., are expanding as their energy increases due to en-
counters with clouds. In both cases the maximum lifetime of an
open cluster is of the order of 10° years.

In a recent paper King [210] has considered three factors that
define the structure of a cluster; namely the number of its stars,
its energy, and the effect of the galactic tidal field. These correspond
to the three parameters that enter the empirical density law of a
cluster given by King

1 1 2
218 =k - — | .
(218) g [(1 + (r/rd®' 1+ (n/rc)‘)“}

In this formula r, gives the cutoff due to the galactic tidal field,
r. gives the concentration of the cluster, and & is proportional to
the number of stars. Formula (218) was shown by King to represent
remarkably well the real density distribution of the globular clusters
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and probably of the galactic clusters and dwarf elliptical galaxies
also. The encounters do not seem to change the general structure
of the clusters; they only slowly change the parameters entering in
the above formula. King ascribes the similarity of the clusters to
an initial relaxation process due to mixing during the formation of
the clusters. However, the existence of 3 arbitrary parameters in
formula (218) makes it possible to represent many density distribu-
tions with sufficient accuracy.

As yet there is no complete theory of the dissolution of the
clusters that includes all the relevant factors. The main practical
problem is to combine the effect discussed by Hénon (that en-
counters do not usually result in escapes of stars, but only cause
some stars to move to the outer parts of the cluster), which tends
to increase the lifetimes of the clusters, with the tidal effects that
tend to reduce these lifetimes. Only when we have reliable lifetimes
for the clusters we can compare them with observations, and
derive cosmogonic consequences from them.

4. The Evolution of Stellar Systems. When one calculates the time
of relaxation or the rate of escape of stars from a cluster, he usually
assumes the density function as given. For example, Chandrasekhar
assumes a constant density, King assumes a polytrope, etc. There-
fore one assumes some “reasonable” model, found by means of the
continuum approach of stellar dynamics, and then he proceeds to
find the change of this model with time.

However, the problems of the structure and evolution of a cluster
are not separate. The present structure of a cluster is the result
of its evolution. Therefore the statistical approach of stellar dy-
namics should derive the distribution function f and its change in
time from the interaction of stars among themselves. For example,
one should prove a kind of Boltzmann’s H-theorem (which states
that any distribution of energy tends to a Boltzmann distribution,
and the corresponding distribution of velocities tends to become
Maxwellian).

These problems are not easy. We have not even succeeded in
general in defining a probability density in the phase space of a
stellar system. Further, a Boltzmann distribution corresponds to
an infinite radius and mass. However there are some methods to
escape from that difficulty.

First, we may consider the fact that the time scale of the evolu-
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tion of a stellar system is different in different places. For example
in the center of the observed clusters the time scale is comparatively
short and a kind of statistical equilibrium has probably been reached.
This equilibrium is slowly reaching the outer parts. However we
may consider possible exceptions to this rule. Are all possible con-
figurations of a cluster tending to the same equilibrium condition?
It is quite probable that there are exceptional cases where such an
equilibrium is never reached, even in the central parts of a cluster.
Such are, for example, the cases where the motions of all the stars
of the cluster are periodic. What happens then to systems that are
“near”’ these exceptional cases? Do they reach an equilibrium, and
in what time scale? For actual problems the calculation of a rough
time scale of the evolution is quite necessary. If this time scale
is extremely long we may consider a cluster as not changing at all.

Ogorodnikov [185], [212] considers stellar systems embedded in
a greater stellar system that acts as a container. Such is the case of
a Galaxy that is surrounded by a halo. The halo exchanges mass
with the Galaxy and when a steady state is reached, the number
of stars absorbed by the halo is equal to the number returned to
the Galaxy. Then a probability density can be defined and a statisti-
cal mechanics of the Galaxy can be developed.

This approach is good for short time intervals. It is not completely
satisfactory because we cannot consider the halo as a given boundary
and as a matter of fact it is a part of the Galaxy itself. However,
until a better theory of statistical mechanics of stellar systems is
devised such approaches may be useful.

A quite different approach is due to Chandrasekhar and von
Neumann [181], [213], (214], [215], [216], |217], |218]. They start
from genuine statistical considerations; namely they introduce an
a priori probability density for each star 7,(r;, v}, so that the proba-
bility that a star lies between r; and r;+ dr; and has a velocity
between v; and v, + dv; is r.dx,dx,,dx;,dv, dv,,dv;s. Then the total
probability density in the phase space is T =]]L,r, where N
is the number of stars.

Chandrasekhar and von Neumann used for r; the function

)

(219) 7= #exp(—j’vf),
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and more generally an arbitrary function of v? and of the mass
m. However T is not an integral of the equations of motion
(see e.g., R. Kurth [172]) because if

'3

(220) T= j— exp(— j*(vi+ v5 + --- 4 v%)) = constant,
Wd/l

then v{+ v+ ... + vy = constant, and this is not generally the
case. Therefore this approach is not completely satisfactory, be-
cause the probability density changes along the orbit of each star.

However it has not been proved that a function r; with the re-
quired properties does not exist. On the other hand one may not
be interested in individual stellar orbits at all. In fact in most
cases we may consider a stellar system as a gas where the motions
of the particles are subjected to perturbations quite similar to the
Brownian motions of the particles of a fiuid.

Chandrasekhar has calculated that the variations of the force
acting on a star due to stellar encounters have a period of the
order of 6 X 10* years in our Galaxy; therefore they are very fast
in comparison with the period of galactic rotation of 2 X 10® years.
Thus we may consider the force acting on a star as due to the
smoothed out distribution of the stellar system plus a rapidly
fluctuating force, as in the case of Brownian motion.

In order to describe the Brownian motion a generalization of
Liouville’s equation is usually used that is called the Fokker-Planck
equation (see e.g., [218]). If f is the distribution function, its change
in time because of the collisions is given by the equation

af
(

—) At + 0(at?) = —Z 0

o 2oy (f(Ax))

(221)

2

1 3 3
o2

+ 0 ((ax;a%;0%,)), (R=1,2,3),

7%.9%, (f (A% A%))

where (A%;) is the mean value of Ax; over the time Af and is given
by the formula

-t

(222) (Ax) = j Ax (5 %) (%),

— =
.
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where ¢(f; Ax-') is the transition probability that X will increase
by AX = (A%, A%, AXy) in time A¢, and the integral is, in fact, triple.
Similarly,

c g

(223) (A% A%;) = ’ A%, A%y (X5 A%) d(aX),

.

etc.
Liouville’s equation is replaced by the generalized Fokker-Planck
equation

mo HeE[e 2]

dx, dx ax; at /.

This equation corresponds to Boltzmann’s equation in gases. If

(225) (X aX) = —exp] — | AX 4 sx A%/ (4 A0 |

1
(4nq _\t)“
(where the constant g is equal to gkT/m in a gas, and — Ax is the
dynamical friction), then (Ax)= —pgx A, (A% Ax%,) = O(At) for
I %], and (Ax?) = 2qAt + O(at?).

Hence

z

. 3
(226) <9AHUW)—{ZMM) z
¢ -1 =1

ax; ax;

ie.,

] dxl

The Fokker-Planck equation now becomes

(228) g+2[fl—ﬂiq PPALS S

ot ax ax; 0%, 10X o 0X7

Equations (224) and (228) have been used by a number of
authors in discussing the dynamics of an ionized plasma (see |187],
[219], |220], |221]). These problems are very similar to those of
stellar dynamics.

A special application of Fokker-Planck’s equation to stellar dy-
namics has been niade by Chandrasekhar |195], [196], [197] in his
study of dynamical friction. Another special case has been con-
sidered by Spitzer and Hiarm {189, in their calculation of the escape
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of stars from a cluster. A generalization of their solution was given
by King [204].

A more general application of this equation was recently made
by Hénon [222]. Hénon found a very important model of a stellar
cluster that is homologous; 1.e., this model is such that its evolution
does not change the structure of the cluster but only its dimensions.

It is known that a stellar system cannot in general have a final
equilibrium state, because the Maxwellian distribution implies an
infinite radius and mass. And it is only in exceptional cases that
a system may tend to a configuration where all the orbits are
periodic. However, it may be that a system tends to a homologous
configuration; i.e., its final evolution is homologous. Hénon has
given examples where models initially different from the homologous
model tend towards it. This is a case quite similar to the famous
H-theorem of classical statistical mechanics, which states that
the collisions tend to produce a Boltzmann distribution of the
energy.

The homologous model found by Hénon has a finite mass and
radius but its central density is infinite. However, the mass in
any small volume around the origin is always finite. Hénon con-
sidered also some nonhomologous models which tend to the homolo-
gous model, and their central density tends to increase so that it
becomes infinite in finite time.

In all these models the distribution function is a function of
time and the energy integral only, f=f(E,t). Further work
should include the other integrals too.

A numerical solution of Fokker-Planck’s equation for a special
form of the distribution function, f=f(E,C), including also the
angular momentum integral, was given by Michie [223]. Michie also
found a contraction of the core of the cluster, together with an
expansion of its outer parts. Similar results were found lately by
von Hoérner [10] by means of numerical calculations of the n-body
problem.

The effects of the encounters on the evolution of a stellar system
may be divided into two classes; the effects due to close encounters
(binary encounters), and those due to distant encounters. It is
understood that the latter effects are more important than the
former (see [187], {224]). A method that permits one to take into
account not only binary encounters, but ternary and more complex
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encounters also, has been developed by Bogoliubov {225], Born and
Green [226], [227], [228], [229], Kirkwood [230], [231], Yvon (232]
and others [233], [234], especially in the case of a plasma. It should
be very useful to develop this theory for stellar systems also. This
problem is intimately connected with the problem of the time of
relaxation. Further the change of the distribution function due to
encounters (df/0t). in Fokker-Planck’s equation may be derived
more accurately by such a method.

As we have indicated above, the rate of ejection of stars from a
cluster is not yet accurately known. The theory must explain
quantitatively the extremely low escape rate indicated by von
Horner's numerical calculaticns (9], [10]. Further, the ejection
of stars of different masses, the effects of the rotation and ellipticity
of a cluster on the rate of ejection must be derived.

One very important problem is to find out if the stellar clusters
tend always towards an homologous cluster.

Another problem is to find criteria that would indicate the age
of a cluster; the present estimates of the ages of the clusters are
in general based only on the evolution of different stellar models.
It would be very important to have independent dynamical ages
of the clusters.

There are many statistical problems concerning specific stellar
systems, clusters, galaxies or clusters of galaxies. The statistical
methods used in such problems are described, e.g., in the book of
Trumpler and Weaver [110].

Statistical methods are introduced also in problems of celestial
mechanics, in connection with the distribution of the asteroids,
the comets and the artificial satellites around the earth (especially
in the case of a great number of small satellites as e.g., the case
of Project Westford). One recent example of this type, where a
distribution function is used in celestial mechanics is given by
Brouwer [235].

The most important problem of statistical mechanics of stellar
systems at the present time is the justification of its basic as-
sumptions and the development of new methods of attack on the
basic statistical problems of stellar dynamics. This can be done
with some success by numerical integrations of the n-body problem;
the results reached this way will indicate the statistical methods
to be developed in stellar dynamics. To this effect stellar dynamics
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has to cooperate with classical celestial mechanics on one hand
plasma dynamics on the other. Much work is needed before we
can construct a consistent and somewhat complete statistical
theory of stellar systems.

I want to thank Dr. J. Barkley Rosser for suggesting many
improvements in the text.
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Harry Pollard

N67 14420

Qualitative Methods
.in the n-Body Problem’

1. Introduction. The n-body problem is concerned with the motion
of masses my, ---,m, (n > 1), moving in inertial space under the at-
traction of their gravitational forces. In the case of a particle m,
being acted upon by a mass m;, we illustrate the geometry in Figure
1.

With position vectors 1; and r;, the differential equation of motion
due to the force on the kth particle by the other masses is
m;mg tj — Iy

L) mp= Y A

J=1j=k rjk Tk

k=1,---,n).

Assuming that the initial position and velocity are given, i.e., 1,(0),
v;(0) and r; > 0, we seek a solution of (I.1).

To realize what constitutes a solution to a differential equation,
recall the problem

= f(x,y),

where we seek a solution passing through a predetermined point

* This is a reporter’s account of Professor Pollard’s lectures, partially revised
by the editor.
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m;

Lk
]
my
T

FiGure 1. Two Interacting Masses

(x9,¥0). In general y = g(x,¢) is said to be a solution depending on
the parameter c if

L g0 = f(r.g(x,0)).

Obviously to find ¢ we solve y, = g(x,,c).

More generally, we may say that h(x,y,c) = 0 is the solution,
meaning that if we determine g(x, ¢) implicitly by h(x,g(x,c),c) = 0,
then y = g(x,¢) is the solution in the earlier sense. For example con-
sider

d_y _ 2x + ye™cose”

dx xe®sin® +1 "’
with solution
x*+ sine® 4 y = c.

The latter equation is a solution in the sense that if it is differen-
tiated the former equation results. Actually such a solution serves
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little useful purpose unless there exists some transparency that
makes it more tractable than the example just given.
Consider a set of differential equations

dx dy

¥ fx,5), % =g(x,y)

with initial conditions x(0) and y(0) given. The problem is to find
solutions x = x(¢) and y = y(t) satisfying the differential equations
and the initial conditions. Simple division of these equations elimi-
nates the variable ¢t and yields dy/dx= h(x,y) where y = g(x). Here
we have managed to reduce the system by one, and there is a chance
that if the solution is transparent the reduction is useful. In general
it is not. Thus mathematicians were led to look for integrals to
systems of differential equations. Returning to equation (I.1), the
idea is to reduce it to a system of first-order differential equations
of the form
(1.2) dxy = fulxy, -, xp) (k=1,.--,m),

dt
where x, = x,(¢) and x,(0) is given for k = 1, - .-, m. The order of (1.2)
ism, with m = 6n. A function g(x,, - - -, x,,, ) is called an integral of
the system if every solution of the system gives

g(x(8), -+ -, x,(t),t) = constant,
where the constant is determined by
glx,(8), -+, x,(t),t) = g(initial values).
If we can find m integrals
(1.3) gu(x: (1), - - -, xn(t),t) = g(initial values)  (k=1,...,m)

they constitute an implicit solution of (I.2) in that they are m equa-
tions in m unknowns for which we can solve x, = x,(¢, initial condi-
tions), and the problem is solved in terms of ¢ and the initial condi-
tions.

IT. Illustrative central force problem. To treat the two-body prob-
lem, n = 2, m = 12, with masses moving in a field subject to the in-
verse square law, we first look at a central force problem for one
body, n =1, m = 6,
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. wmr
mr= ———,
r‘r
(IL.1) or
i u
r= — ;.T r,

wherer = |r|.

F1GURE 2. A Single Body with a Central Force

Using Laplace’s method, we write

d

d rv—ur
dt

(11.2) 5
r

r_
r
Recalling that r* = r* and r7# = r - ¥, (I1.2) can be written as
d
dt
Sincer X £ = 0 by (I1.1), we have r X v = h, which constitutes three
integrals. Using this in (11.3) gives

(rXv)Xr  (rXv)Xr
E = .

(I1.3) - ;

r_
r

d ro_ —hXF¥

11.4 — =
( ) dt r n
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Integrating (I1.4), we have

r_—hXyv

r M ’
(I1.5)

£+e=v><h

r M

which constitutes three more integrals. However, the problem is not
complete since (1.2) has at least one solution of the form

gilxy, -+, %,,t) = constant,

in which ¢ appears explicitly. But the 6 integrals shown above con-
tain no such function, implying that e and h are not independent
of each other. In fact

e-h=0.

Thus, in fact, (II.5) yields but 2 new integrals, with the sixth,
called the time of perihelion passage, still missing.

Turning to the larger problem of two bodies, initially at different
points, we seek 12 integrals for the system (see (I.1) and Figure 1):

(IL.6) mi§ = —ymumy (r— 1) ,
ri Iy

(I1.7) Moty = — 772n1mz (ry— 1) .
T'ia T2

Adding (I1.6) and (I1.7) yields

(I1.8) mif, + myi, = 0.

Define M = m; + m, and r. (center of mass) = M Ymir + mory),
so that f, = 0. This last equation indicates the center of mass is not
accelerating. Integrating to get the velocity and position of the
center of mass,

v. =1 (3 integrals, conservation of linear momentum),
r. =1t+j (3integrals).
Multiplying (I1.6) by X r, and (I1.7) by X r, and adding, we get

my(r; X ;) + ma(r: X 1) = 0.

Integration yields
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(I1.9) my(r; X vi) + my(ry; X vy) = h.

These are three more integrals, expressing the constancy of angular
momentum. Now multiply (I1.6) by -#, (I1.7) by -¥f, and add.

mk - F+ myfy - 1y, = i ym,my _
dt I
Integrating, we have
1 ‘ y. b
(I1.10) —(m v} + myvd) = ym, m, +E.
2 Iy

This is an integral expressing the conservation of energy.
Subtracting (I1.6) from (11.7) to get the equation of motion of the
second particle with respect to the first, we have

(11.11) q-n=-1@$U@Mr4¢
12

Letr=r1,—r and ¢ = vM so that (I1.11) becomes

(11.12) i= -5

~

This is the central force problem considered above, which yields
five more integrals. Since we now have more than 12 integrals, some
must be redundant. They can be reduced to the following:

Ve = ly (3)
ro= It +j, (3)
(1113) ml(l‘l X Vl) -+ mz(rz X V2) = ha (3)
4
Lmevt 4 mud) = "M g ()
2 T'i2
Fie="Y xh . (2)
r n

Returning to the problem of the time of perihelion passage, opera-
ting on both sides of the last equation in (I1.13) by - r we have
2

r+e-r=—,
I
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which can be rewritten as

h2

II.14 = —e
( ) d u(1 + e cosw)

which is the polar equation of a conic section with major axis along
e, and » the angle between e and r.
Finally, squaring the last equation in (I1.13) we have

2 212
e e R
ri{u ’ M
2 2 2
U I (et V) 3
§_r+ 2h? _r+E'

This is the conservation of energy statement, with hyperbolic mo-
tion for e* > 1, parabolic for e* = 1, elliptic for e’ < 1; for hyper-
bolic or elliptic motion, we must have & = 0.

Since |a-b|*+ |aX b|*=a%b?, substituting r and v we have
rirt 4+ h* = r*v* or

1/, R\ u
(11.15) ; <r + ;7) -4+ E

But v*/2 = (u/r) + E is valid even if h = 0, since if A =0, then
F= — u/rz.
Without integrating, (I1.15) shows

1A

I1.16 =
( ) 5 2

ItA

E+E
=
Multiplying (11.16) by r?, we have
(11.17) %}ﬂg“m Er?,

From (II.17) we see that if r— 0, then h = 0. Analogously, in the
n-body problem, all bodies cannot collide simultaneously unless the
total angular momentum is 0.

Multiplying (I1.15) by 2r* and simplifying, we have

(I1.18) (rr)® + h* = 2(ur + Er?).
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In intervals when r > 0, we can introduce a variable u such that
u=k/r. Then
dr du

=E;L—E’ =kr,

if we let a prime denote differentiation with respect to u. Then (I1.18)
becomes

(I1.19) k:(r')2 + h* = 2(ur + Er?).
Differentiating (I11.19) and dividing by 2r’ yields
(11.20) k%r” = u+ 2Er.

For the case where E = 0 in (I1.20), choose k* = , sothatr” = 1 and
u2
(I1.21) r= 7+au+b.
Ast=1/k frdu, we get
3 2
(I11.22) t=u‘”2<i + aw —I—bu+c>
6 2
and we obviously have parabolic motion.
For E <0, choose k*=2|E|, yielding r”+4r= u/k®. Thus

r=u/k*+ A cos(u — B).
By proper choice of the constant of integration in

u=fkdt
r

we can take B = 0. So

(11.23) r= i:‘—z + A cosu,
A
(11.24) t=1t,+ 3 u+ T sin u.

For E > 0, choose k* = 2E, yielding

(I1.25) + A coshu,

kz

u+ é sinhu.

(11.26) t=tot Ut g
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Let us now discuss two basic problems of interest in the two-body
problem:

(1) For those orbits in which the masses are separating as t— o,
how large is r?

(2) If h = 0, and for some time ¢ = ¢;, a collision occurs, how small
isr?

For problem (1) we obtain from

(I1.21) and (I1.22), r~t*3 for E =0,
(11.25) and (I1.26), r~t, for E > 0,
(11.23) and (11.24), r bounded, for E < 0.

Now consider the problem when h =0 and collision occurs at
t = t. In short, in what way is r related to (¢, — t) as t—t;. From
%¥ = — p/x% multiplying by % and integrating, we have 1%/2 = u/x
+ E. Multiplying now by x and taking the limit as x — 0 or t — t;, we
find

(I1.27) lim xx% = 24.

Assume there exists an « such that x ~ (¢, — #)*. Substitution in
(11.27) yields

Pt — 1) (= )™ 7% — 2,
(t — )% " —2u/d,
x~ (t, —t)?Past—t,.
It is easy to make this result rigorous.

II1. Introduction to the n-body problem. An interesting property
(see Bertrand, [1]) is that if one has a particle in a circular orbit
and the initial conditions are changed slightly, only the inverse
square law (x/r?) and the linear law (ur) will yield a new closed orbit.
In the solar system under a linear law, the planets would move in
elliptic orbits with the sun at the center, and with a common period.

Let us first discuss the n-body problem under an arbitrary law
f(r}. The equations of motion become

n

r,—r
(11L.1) mafe= 3 mimfra) —— .

J=1j=k jk
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Summing (I11.1) over all values. of &,
(I11.2) > mii, = 0.
k=1

Again using the concept of the mass center, with M =m,+ m,
+ ot + my,

= o)
= myr 4+ mary+---}),

we get
f.=0,
f=1,
r.=1t+j.

It simplifies matters if we change to a new coordinate system in
constant linear motion with respect to the first in which

(IT1.3) =rf=r1=0.

The equations (I11.1) are unchanged, so we have

(1114) Z mert, = 0,
k-1

(III5) Z mgv, = 0.
k=1

The order of the system has now been reduced to 6n — 6.
If f(r) = vr, (ITII.1) can be reduced to

(IIIG) Iy = "YMrk, k= 1,...’n.

(I11.6) implies all the masses satisfy the same differential equa-
tion, but fails to recognize that perhaps two of the masses may col-
lide. From (I11.6), the motion is elliptic or linear, and

(I111.7) I = A, coswt 4+ By sinwt, w = v/ (vM).

For the situation f(r) = y/r* where n = 2 or 3, if the solution to
(IT11.1) ceases to be analytic at some time ¢ = ¢,, a collision has oc-
curred. For n > 3 the problem remains unsolved.

However, Painlevé has shown (see [3]) that if in some finite time
t = t,, a singularity occurs, then
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min iy = O,
t—4

where we have n(n — 1)/2 distances rj.
Returning to (I11.1), crossing by r, and integrating we get

(111.8) 2. mi(r X vi) = h,

k=1

subject to (II1.4) and (I111.5). The system has now been reduced to
6n - 9.

For the final reduction, define u(r) such that x’(r) = — f(r). Form
the self potential

(I11.9) U= > mmu(ry).

1sj<ksgn

Relating (I111.9) to (I11.1), we have
(I11.10) m, f, = grad, U.
Multiplying (I11.10) by f, and integrating,

(IIL.11) % Z —E+U.

This embodies the conservation of energy.
To specify the constant, and reduce the system to 6n — 10, for

i) = X, et o) = f fr) dr,
Fr) = yr, let u(r) = — f fr) dr,

f0) =2, tetut) = — |ty
IV. The Lagrange-Jacobi identity. Let us define I by
12 .
(IV.1) I=2> mri
20
Observe that this is half the usual moment of inertia. Since

n
2I= Z mplty - I
k=1



270 HARRY POLLARD

it follows that

(IV2) I = Z MLy - Vg

k=1

Therefore

I'=3 m(n- b+ vd)
k=1
(IV.3) n
= 2T+ Z myry - k.
k=1
But D iimyry -t = 2 ri k- grad, U, so we have
(IV.4) I=2T+ 3 r-grad, U.
k=1

A function f(x),---,x,) is homogeneous of order k if for 0 <A

(IV5) f(xxl’ . ‘7)‘xm) = )‘kf(xly * ”yxm)-

Differentiating (IV.5) with respect to A, and letting A\ become 1 we
get

(IV.6) > x,;—f = kf.

§=1 X5

This is precisely the expression for the coordinates in (IV.4) if U is
homogeneous of order L. i.e.,

“ aU aU 6U>
- — ) =1U.
(IV.7) g:‘l <X,, 3X, + Y"aY,, +Z"GZ,.
Thus
(IV.8) I=2T+1U.

This is known as the Lagrange-Jacobi identity. Consider the ef-
fect of letting f(r) = ~v/r’, — @ <p < o,
In the previous section, u(r) was defined as follows:

u(r) = f f(r)dr,

with the following choice of limits.
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Tdr 1 _p
Ifp>1, M(r)—vﬁr—p—p_l-yr )

If 1 ) = f’dr_ 1
p<1#r— 'Yorp_p_l

- ‘yrl_p.

"dr
Ip=1, ul)= —7ﬂ7=7log<1/r>.

Thus, if p < 1 or p > 1, u(r) and consequently U(r) is homogeneous
of degree (1 — p). (Recall (II1.9).)
Applying the homogeneity property to (IV.8),

(IV.9) I=2T+Q-pU

for f(r) = yr™%, p # 1.
Since by (II1.11) we have T=U+4+E and U=T — E, (IV.9)
becomes

I=2U+2E+ (1 -pU
=@B-pU+2E=@B-p)T+(p—-1E.

We are now in a position to discuss qualitatively the relationship
between I, U, T and the general geometry of the problem.

Let O be the mass center of the three-body system shown in
Figure 3, and define

(IV.10)

my

Tz

rys

g

oy
mg

FIGURE 3. Three Interacting Masses
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R(¢)
¢(t)

r(t) = min ry(t),

{

max ri(t),

max ry(t),

where these functions by their very definition are not necessarily
analytic. The use of inequalities will enable us to relate I to these
new functions. By (IV.1)

21 = ) myri.
ko1

By definition, each rf < ¢*(¢)

n

~ 2] < my &4
k=1

or

(IV.11) I< = #@).

M
2
Similarly, Y myri=zm> ri= m¢* where m = minm,. Combining
this result with (IV.11),

M

m .
— <
(IV.12) L esIs5

¢
Inequality (IV.12) tells us I and ¢ are of the same order.

Now how is I related to R? An alternate form for I, valid for the
case where the center of mass is fixed, and useful in this treatment,
is derived as follows. For a given j

(IV.13) S mn—r)i= > mri+ri > my— 23 mr -,
P k-1 P Py

But with a fixed center of mass, the last term in (IV.13) vanishes
by (II1.4), and

(IV.14) > my(r —r)* =21 + Mr}.
¥

Multiplying (IV.14) by m; and summing with respect to j, we finally
get
1

(IV15) Wb%;nmﬁrﬁ= I (mjk=mj-mk).
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But from the definition of R(¢),

1 .
I=< i R%(t) 3_ mj, or simply
(IV.16)

I < AR%(t) where A is a constant.

Treating (IV.15) as we treated (IV.1) to get (IV.12), we get con-
stants A and B such that

(IV.17) BR*(t) < I £ ARY1),

so I is of the order of R%*(t). A general conclusion is that if for t —a
one of the quantities I, R or {— o, they all — .

Let us now show the relation between r, U and T for 1 <p < 3.
Sincery = r, 1/ry < 1/r, and from (111.9),

(IV.18) B,l sU= > Yk <A

T aN.p-1 = —1
re i§j<k§n(p — 1)r5?k re

A conclusion from (IV.18) and the preceding work is that if as t—a
one of the quantities 1/r, U, T or I approaches «, they all do.

It is impossible for all the bodies to collide simultaneously after
an infinite time. To prove this statement, assume the contrary,
i.e., all r,— 0 for t — o, which implies R(¢t) —0 for t— .

r— 0 implies 1/r — =, which implies I — « by (IV.18) and (IV.8).
If I — «, at some time I > 0. For simplicity let I > A for some ¢ and
withAd >0.1 > A, integrated twice, yields

At

2
But (IV.19) tells us that I — « which implies R ~— from (IV.16).
But this is contrary to our hypothesis.

Consider the problem of fewer than n-bodies colliding after some
time ¢ =a. Let n =3, f(r) = 4r™>. Then Chazy proved (see [2])
that it is impossible for a particular pair of masses to collide as
{— o if there exists a quantity 6 >0 such that both remaining dis-
tances are always greater than or equal to é. That is, rp,—0 as
t— «if there exists § such that ry and ry3 =6 > 0. (See Figure 3.)
We shall prove directly an extension of this result, namely that if
n =3, f(r) =~vr~% then r(t) »0 as t — .

PROOF. Assume r — 0. This implies there exists an rj— 0 for some
particular j and k. If no particular rj becomes and remains the

(IV.19) I> + Cit+ C,.
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FI1GURE 4. Behavior of r;,

minimum rj, this implies at least two rj are alternately the mini-
mum. Let them be ry; and ry;. Then when they exchange positions,
i.e., Iy < ryg— Iy < Iy, there exists a time ¢, such that ri,=rs=r.
With an infinite number of interchanges, we have ri;=ry=r an
infinite number of times. However, by Figure 3, if r;; = r»3 = r, then
ry3 S I+ ry = 2r. So R £ 2r an infinite number of times. However,
the reasoning used to derive (I1V.19) tells us that if r — 0 then R — .
Then we cannot have R < 2r indefinitely often as r—0. Thus if
r(t) —0, a fixed ry will eventually become and remain the r(t) of our
definition.

From (IV.15) and previous results such as (IV.19), assuming it is
ri; that becomes the minimum so r,; — 0, we have as r— 0(1/2M)
(myr + mysry) = At’. Assume mgy = my;. Then

(IV.20) may(ri + rk) = At?, ri + ri > Bt

Now let us show both ry and ry; are greater than some multiple of ¢.
Suppose ¢t is large. Suppose ryx=rys Then by (IV.20) ry
> (V(B/2)t. As ro3 — ry3 <ry—0, we can conclude ri; = vV (B)t/2.
If ri3 = r, we can make a similar argument. So for large ¢

(Iv.21) mZ VB2 ez V(B2
From B S - v
msky = 'ym;ms (rn—r) + "m";ma (r; —r3),
ris ra;
(IV.22) c
B < m, Ymg el
W=t =
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Integrate (IV.22) between t =f, and t =t,, t; <,

ftz tg 1 1
fdt sf f| dt < <__ _>
5 r3 - t |r3| - C tl t2 ’

1.1

(IV.23) 1va(ts) — vat)| < C ( t 7) .
1 2

or

So v3(ty) — v3(t;) — 0 as ¢, and t,— «. However, Cauchy proved that
if there exists an f(t), t > 0, such that f(t,) — f(t;) —»0 as t; and
t,— =, then lim, .. f(f) exists. Applying this to v;(f}, lim, . v;(x)
exists.

Now let t,— «, and t; = ¢t. Then (IV.23) gives for large ¢

(IV.24) [va( o) — wa(t) | = % .
Integrating (IV.24) gives

jl [Vs(t) — Vs(m)]dt = j; |V3(t) - V3(°°)| dt < Clogt.

(IV.25) Irs(t) — va( )t + C,| = Clogt.
Divide (IV.25) by t and let ¢t — «. Since logt/t and ¢/t —0,
(IV.26) lim 'sﬁt) = vy(w).
t— o

By (I11.4) >_; (m;r;/t) = 0, and so

mir + myr — M3l

(Iv.27)  lim = lim

t— o o

= — myv3( ).

Recalling r, — r, — 0 and multiplying by m,/t,

(IV.28) m, 'ti —m, % —0.

Combining (IV.27) and (IV.28) we now conclude that (m; + m,)
(ro/t), (ry/t) and (ry/t) all have limits. Since
m, ":3

+t2’

mor;
t2

I mr}

7= ¢ *
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we now have lim,.. I/t® exists and is finite. Dividing by 2 and
letting t — o, (IV.19) becomes

. I A
lim & > 5

However, in (IV.19) we could take A greater than any given quan-
tity. This gives a contradiction. Therefore r—-0 as { — .

In the n-body problem, a simultaneous collision of all n bodies
implies that the total angular momentum is zero (h = 0).

ProoF. Such a collision implies R(¢) —0. We have previously
shown R -0 after an infinite time, so there exists a time t =¢ < «
at which the collision must occur.

According to (II1.8)

h = Z my(r, X V),
k=1
so that

(IV.29) h<) mrib.

k

The Cauchy inequality states that

| 2 ab|* = (3 a*) (2 bY),

and since (IV.29) can be written as
h < Z ((V (my) re) (V (my) va)),
3

we conclude

(IV.30) R < <Z mu}f) <Z m,,v}f) = 4IT.

k k
Using T = I — E, from (IV.10), we change (IV.30) to
(IV.31) ht <4I(I - E).

But at some time t,, I —0. Then by (IV.17) R—0, and so r—0.

Therefore, ] — «, which implies that at some time I> A >0.So the

plot of I against ¢ must be concave upwards. But this means [ <0,
or — I > 0. Multiplying (IV.31) by — I/1,

”_(%L < _ 4I(I - E).
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Integrating this in the neighborhood of t,,

(IV.32) h*log % <4EI — 21+ K < 4EI + K.

As 1/]1— =, log(1/I) — =, and so is eventually > 0. Dividing
(IV.32) by log (1/1),

. 4EI+K

h fort ~t,.

log 7

Now as t—t,, the denomiator — «, I -0 and the numerator — K.
Thus h2—0 as t—¢,, or the total angular momentum vanishes if
there exists a simultaneous collision of all masses.

V. A Tauberian Theorem and its application. Consider the problem
of a given function f(x), x>0 such that f(x) ~ Ax? i.e.,
lim, .. f(x)/x* = A, and let us question if it is true that f’'(x) ~ 24x.

The converse statement (that if f'(x) ~ 2Ax, then f(x) ~ Ax?)
is true, but it is not necessarily true that given an asymptotic rela-
tion one can differentiate with the result being also an asymptotic
relation. It is this irreversibility that led to the concept of the
Tauberian condition, which is that additional information required
to obtain reversibility in the above limits.

We first prove that if f(x) ~2Ax, then f(x)~ Ax% If
lim,_.. f(x)/2x = A, then for each ¢ > 0 there exists an x, such that

f(x)
2x

V.1) —A| <eforx = x,

Multiply (V.1) by 2x, integrate with respect to x, divide by x* and
let x— oo,

¢

(V.2) fi—i)—A Ze+

®

for some constant C. Since ¢ is arbitrary, let ¢ —0 so (V.2) leads to

(V.3) 1im’% — Aorf(x) ~ Ax®.

I—

Now, to show that if f(x) ~ Ax? then f'(x) ~ 2Ax we must introduce
a Tauberian condition.
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LANDAU’S THEOREM (1906). If f(x) ~ Ax? and f"(x) 2 C> — =,
then f’(x) ~ 2Ax.

Case 1. A = 0. Consider f(x + ex), and its expansion in Taylor
series with a remainder, up to second-order terms.

2.2
(V.4) fx + ex) = f(x) + exf’(x) + ‘—g‘-f”(s),

where ¢ lies between x and x + ex. Thus

2.2
€X
. C.

(V.5) f(x+ ex) 2 f(x) 4 exf' (1) + —

Dividing (V.5) by x? and taking x large enough so that

fx+e)

fo) _ 2 2
" A < ¢“and x + ex)2 < e

b

and recalling that A =0, we have

(V.6) @ o <1+(1 +|(|)2—9>.
x 2

In (V.6), for ¢« > 0, divide by e

V.7) M§e<l+(l+|(|)2—g>.
x 2

In (V.6), for ¢ <0, divide by ¢ (reverse inequality) and (V.6) be-

comes

f (%) 2 C
(V.8) ¢ ge<l+(1+|e|) —§>.
Clearly (V.7) and (V.8) imply
. fx)
lim o = 0.

X—+ @

Case 2. A 0. Define g(x) such that

(V.9) 8 1D _y

The hypothesis f(x) ~ Ax? implies g(x)/x*—0. From (V.9), g”(x)
= f"(x) — 2A.
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If f/(x) 2C >— «, then g”(x) 2 C— 2A > — «. Hence the
argument for the case A = 0 now applies to g(x), so

. g (x) _
By (V.9),
g _fa) _
(V.11) ox ~ 9% A

Using (V.10) and (V.11), f'(x) ~ 2Ax.
The same conclusion can be reached for f”(x) < C < « by using
— f for f in the above argument.

voN Crausius’ THEOREM. If we assume the inverse square law,
and a system is bounded in size and velocity, then both the kinetic energy
and potential energy have averages in the limit sense. Specifically

¢

(V.12) U= lim1 | Udt= — 2E,
s
1 t
(V.13) T = lim ;ﬁ Tdt= —E.
t— o

Proor. If (V.12) is true, (V.13) follows, since T'= U+ E by
(111.11), ar}d since E is constant it is equal to its average value.
Thus 7' = U+ E. It other words, (V.13) is redundant in view of the
conservation of energy.

Now to establish (V.12). Begin with the Lagrange-Jacobi identity
I = U + 2E, integrate once and divide by ¢.

: ¢
(V.14) £=1f Udt+2E+£.
t t Jo t
Remembering (IV.2), from the hypothesis of bounded r; and v,, I is
bounded in time. Thus, as t — «, I/t—0, K/t—0, and
t
OU=1tmi [ vdi— -2k
t— o 0

Due to the fact that in some cases, e.g., the parabolic case of the
two body problem, U = — 2E(= 0) even for an unbounded system
(r ~ t*3), it is possible to prove a stronger theorem.
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THEOREM. A necessary and sufficient condition that U exist and
equal — 2F is that im,_. R(t)/t = 0.

Here no condition is put upon the velocity, and the system can
grow with time provided it grows at a slower rate than &

To prove the stated theorem, let us first show that I/t—0 if and
only if I/t*— 0. The argument given before our proof of Landau’s
Theorem shows that if I/t—0, then I/t*—0.

We can get the reverse by Landau’s Theorem if we can show
I>C> — ». However, by the Lagrange-Jacobi identity I= U
+2E>2E> ~ .

By (V.14), U = — 2E if and only if I/t—0. So U= — 2E if and
only if I/t2— 0. Then by (IV.17), U = — 2E if and only if R(t)/t— 0.
Thus our theorem is proved.

THEOREM. If T exists and equals 0, then E = 0.

ProoF. T = U+ E, so if T exists, so does U, and T= U+ E. As
T = 0 by hypothesis, U = — E.But U = 0,s0 — E= 0 or
(V.15) E<o.
From I = T + E, integration once and division by ¢ gives
I
t

‘ C
(V.16) =%ﬁ Tdt+E+ .

Ast— o, if T'= 0, the integral in (V.16) must vanish, as does C/t.
Thus:

lith=EsoI'~Et.

t— @
Integration of this asymptotic function gives
s
5
or
. E
lim 2= 3

But I >0, so E = 0. Combining this result with (V.15), we have
E=0.
Incidentally, the theorem is true for all p # 1.




QUALITATIVE METHODS IN THE n-BODY PROBLEM 281

What happens if E <0? Since T= U+ E, and Tz 0, by hy-
pothesis

U4+E=20 or Uz —E.

Thus U= |E|, but A/rz U by (IV.18), so A/rz |E|. Thus
A/|E| 2 r.So if E <0, then r is bounded but R could conceivably

— 00,

If E> 0, there are some interesting conclusions to be drawn.
THEOREM. If E > 0, n = 3, a particle escapes.

LEMMA 1. 4E] — I’ < C as t— .

From the Lagrange-Jacobi equation I = 2E + U, we conclude
I — = as t— . Thus, for some time al becomes positive, say I(a)
= k> 0. By integrating I,

(V.17 I= ﬁ U(r)dr + 2E(t — a) + k.

(V.18) I= .f (t— ) U(x)dr + E(t — a)* + k(t —a) + L.
Multiplying (V.18) by 4E, we can write

(V.19) 4EI < 4E(t — a) J: U(r)dr + 4E*(t — a)* + 4Ek(t — a) + C.
Squaring both sides of (V.17) gives

(V.20) I*> 4E*(t — a)* + 4E(t — a) Jﬂt U(r)dr + 4Ek(t — a).
Subtracting (V.20) from (V.19) gives

4E] — I’ < C.

Deﬁne J = 21§j<k§nmjkrjk.
A familiar argument gives

(v.21) BR <J < AR.
LeMMA 2. lim,_. . 1/ UJ exists.

From the definitions,
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m; .
UJ:Z‘YerZmWrW, 1<j<k=sn, 1=Zp<qg=n
Jk

= ZZ“/mjhmpq ;’f-

J

Differentiating this with respect to time,

(V.22) (UJ) = 33 ymym,, 2 Tea — Toalit

r,-,,

But rj, 2 r by definition, so 1/r; < 1/r. From (V.22) and (IV.18),
with C = B2,

(V.23) |[(UJ)'| £ CUYX 3 v v/ (mjumpg) /(mjxmp) |isfog — TogFil-

Square (V.23) use Cauchy’s inequality, and note that in the expan-
sion of | |* we get a middle term

-2 Z mj,,rj,,r‘j,, Z mqu’m = - 2M2I2.
Thus (V.23) becomes
[(UJ)'|* = UNCJ*U + Cy) (J?> I?).
Dividing by U®J5,
|(UJ)'|* 1,6 1
T I T s &

But by (IV.18) and (V.21)1/U < Cr and 1/J < C/R. Thus 1/ UJ
< Cr/R = C. This implies 1/ UdJ is bounded, and it will be dropped
from the right side of (V.24). Similarly, since E > 0, if I > A¢?, then
J*> At? and so J > At. Finally (V.24) can be reduced to

(V.24)

(US| _ B
(U =7
Integration of this gives
1 1 1 1
(V-2 war ~ war | =P 't_’ B

But as ¢, and t, — = independently, the right side of (V.25) vanishes,
and 1/(UJ)¥*—=lim as t—  or lim,.. 1/ UJ = L.

Assume [ > 0. Then, there exists a 6§ > 0 such that 1/UJ 2 6 >0
as t— o,
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(V.26) % > U—CJ;5>0, sor=sR = Ct,

(V.26) shows that as t — «, r— « so all the particles escape.
Assume [ = 0. Then at some time, some ry(say ry;) becomes the

minimum, i.e., ry, = r. If another r;y swaps with ry;, each time a new

r;; becomes the minimum, ry; = ry. (Assuming ry is the other mini-

mum.) Then r;3 = R. But

|rie — rig] = 1o,

(V.27) or

|r—R| =r.
Division of (V.27) by R, gives |r/R — 1| = r/R. But lim,..r/R =0,
which implies | — 1| = 0. Therefore there exists a min ry; call it ry.

Introduce Jacobi coordinates ¢ and r, where

E—r mr + msr,
= 3‘ _—
mi;+ m;

r="r,—n;,
myr, + mary + myry =0.

The above set of equations may be solved to get r, r; and r; as
linear functions of r and ¢ Such a manipulation would show

(V.28) I= A"+ Br,

where A and B are functions only of the masses.

£

FiGure 5. Jacobi Coordinates
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Let ris=R, ry=r. Then |[R—¢|l <r, or |1— (¢R)| =r/R.
However, by (IV.18) and (V.21), 1/U = Cr and 1/J = C/R. So
r/R = C/UJ. With [ = 0, this gives ¢/ R— 1, ¢~ R.

Since R = Ct, £ ~ Ct so £ becomes unbounded as ¢t — «. But re-
writing the form for ¢

£ = Mrg——Zm,-r,- M

= I3 = CrI3.

M —m, M—m,

Since, as t— =, £ — o, we conclude ry— «. This means m; escapes
from the system.

V1. Classification of motions. Recall the general equation of motion

(VL.1) meti= . my Hri) (rj — ).

Isj<ksn Jk

When f(r;) is a real, analytic function there exists a unique set of
ry(t) which satisfies (VI.1). For the case where f(r) = v/r? either all
the r,(t) may be continued analytically as t— o, or there is some
time ¢ = t, at which at least one r, ceases to be analytic. Painlevé has
shown (see |3]|) that the solution of the n-body problem permits
analytic continuation until such time t=t, for which r(t) —0 as
t-—t,, and that this condition is both necessary and suflicient.

Returning to the work of Chazy in | 2] for the case where t— «,
is it possible to find estimates for the growth in r(t) with time?

From the definition of U,

LU=y YT
L

From (IV.18), with C = B 2,

As before, we square both sides of (V1.2), recalling the energy equa-
tions, to get

(VL3) |UJ* < CU*T.

(Note that in this paper no effort has been made to distinguish
between the various constants, i.e., A, B, C, C,, etc., since they only
depend on the masses.) As U= T — E > — E, we see that if E <0
then
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AsuziE|,
r

(VI.4) A

[E]
If E=0, T= U and (VI.3) becomes
|U|* = CU?,
02 p

Integration gives U ¥* < Bt + B,, so that U™! < Bt*3 for large t.
As A/r= U,

r

A

(VL5)

(V1.6) r < Ct¥3,
If E> 0, (VI.3) becomes
(VL. |U|? = CUNU + E).

Let ¢ = U™}, so that from (VI.7) we get

le67%2 < Ce*¢ '+ E)
(V1.8)

. C+ CE¢
< AP
és (S
Choose A large enough so that
C+ CEA
(VL9) Az2, R

We wish to show that for sufficiently large ¢,
(VI.10) £< At

for all t = t,. We first suppose that for all t= ¢, £ 2 A. Then by
(VI.8) and (V1.9),
1

(VL.11) HEEy:

so that (VI.10) will eventually hold. Alternatively suppose that for
every t, there is a greater t at which ¢ < A. Take ¢, to be such a t > 1.
Then we prove (VI.10) by reductio ad absurdum. Suppose (VI1.10)
fails. Ast,> 1 and £ < A at t = o, we have (VI.10) holding at ¢ = &,
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and consequently for t, <t <t,, where t, is the greatest lower bound
of all ¥’s greater than #, for which (VI.10) fails. Then ¢ = At, at
t=t, and so (since t, > t, > 1), we must have t = A for , —e =1
<t,. Then by (V1.8) and (VL.9), (VI.11) must hold fort; — ¢ =t < fo.
With ¢ > At, at t =t,, this tells us that £ > At at t =1, — ¢, con-
tradicting our definition of ¢, as the greatest lower bound of t's
greater that ¢, for which (VI.10) fails.

From (VI.10), we get Cr = U™!' = ¢ < At.

Thus

(V1.12) r~t

For n = 3, and ruling out the case h =0 of triple collision and
writing { = lim,.. (UJ) !, Chazy gave the following possibilities
(see [2]):

E>0 all rj~t [0 hyperbolic case
two ry’s,say rp
and rpy~t =0 hyperbolic-
a3 parabolic case
T3 ~ t /
two ry’s, sayry

and rp~t =0 hyperbolic-

elliptic case
rs<B P

E=0 two rys,sayry

and reg~t hyperbolic-
<B elliptic case
rs =
all ry~ %3
All the above parabolic case

cases. In addition
E <0 4 casein which

some ry; oscil-

lates infinity.

Chazy was able to exhibit orbits of every type above save for
the very last, but the latest Russian literature indicates this too has
now been exhibited.
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Let us now return to the Sundman problem, namely the three-
body problem where h >~ 0, and show that if r—0 as t— ¢, this cor-
responds to a two particle collision with the third particle moving to
a definite position with a definite velocity.

If r(t) >0 as t—t;,, U— o so ] — . But this tells us that the
curve of I against ¢t must be concave upward in the neighborhood
oft=1t,s0 ] — L, where 0 £ L £ «». We have already ruled out the
case where I = 0, so we have 0 < L £ .

If r—0, a pair of particles collide. Then one of the distances r;
becomes a minimum and remains so. To prove this, assume r;; and ry;
are alternately the minimum. Then there exists a sequence of times
{t,,}, t,—t, where ri(t;) =rxst) —0. But r < ry+ ry, so ris(t,)
— 0 which implies all three r;—0 along this sequence of t,’s.
But note that by (IV.15) I = 1/2M > mjr, so I(t,) —0 along this
sequence.

We have already proved I has a limit, so if it approaches 0
along a particular sequence of times, it will approach 0 no matter
how you approach ¢;. But this would be a triple collision, contrary to
h = 0. Thus only one r;; eventually becomes and stays the minimum.

Now to show that the third particle moves to a definite position
with a definite velocity. If r;—0, then ryg—r;—0. We know
mysr3,— 0. This implies by (IV.15) that myyrk + mg ris— 2ML > 0.

As ry3 — ri3— 0, we must have both ryy and r;; approaching the

same finite limit, which must be positive, or going to « together.
But

.. ym, Ym,
f3= - (L — 1) + 5 (r;— 13),
ris Ty
SO
" Y, Yn,
|fs| £ ——+ ——
T3 ra

As ry and ry; are bounded away from zero, we see that f; remains
bounded. Recalling that if a function has a bounded derivative as
t—t;, the function itself has a limit, we see that r; has a limit as
t—t. So r; is bounded, and r; — limit as t —t,.

However, m;r, + myr;+ myr; =0, so that m,rn+ myr, has a
limit. Also, r;;—0, r, — r,— 0, from which we conclude that r, has
a limit, which is the same limit that r, has. That is, r,, r;, and r; all
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have limits, which says that the particles approach definite positions.
Also, by (IV.1), we conclude that L is finite.

VII. The Sundman problem. Among the theorems proved by Sund-
man (see [4]) are the following, where n = 3, we have chosen the
units so that f(r) =r % h =0, and r(t) —»0 as t—t, < =.

THEOREM 1. lim, , I(t) = L, 0<L < .

THEOREM 2. Two particles collide and the third particle goes to a
definite position with a finite velocity.

THEOREM 3. If v, and v, are the velocities of the colliding particles,
then

lim r(t)v} = 2”15/(”11 + m,),
t—t]

lim r(t)v; = 2mi/(m, + m,).
-ty

THEOREM 4. The integral
t
f U(+)d+, converges (cf. h = 0 in two-body case).

THEOREM 5. If V is the velocity of m, relative to m,, then at colli-
sion

hm I'VZ = 2(m| + mz).

t
THEOREM 6. lim, ., r(d*/dt*) (r®) = 2(m, + m,).
THEOREM 7. As t—t, r~ ({ — t)¥".

We undertake to prove these. We have already proved Theorems
1 and 2. As in their proofs, we take r = r, — r,. By definition

my, + my; + my

U= .
Iy Fa Fa

Multiply this by r and let ¢t —¢,, to obtain
(VIL.1) lim rU = my,.

t

From this
(T — E) —my.
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But E is constant, r-—0, so we can write rT—m,,, or
r(m,v? + myvi + myvd) — 2my,.
However, V; approaches a limit, so that
(VIL.2) r(m,v?) + r(m,v?) —2m,,.
The center of mass is such that
(VIIL.3) myvi+ myve+ myvs = 0.

Let us multiply (VIL.3) by /r, recall that v, approaches a limit
\/r—0, and combine (VIL.2) and (VIL.3) to get

2

(VII.4) e, 2
my+ my

2

(VIL5) ot —2M
my -+ m,

From (VIIL.3) we get
rmyv: 4 rmgyvy - Vo + rmyv, - v3 = 0.

As \/(r)v; is bounded by (VII.4) and v; approaches a limit, we
conclude by (VII.4)

— 2m,m,
rvi - vg—m ———,
m,+ my

So by (VII.4) and (VIL5)

(VII.6) r|v1 — V2|2———>2(m1 + mz).

Theorems 3 and 5 follow from (VIL.4), (VII.5), and (VIL.6).
By (IV.18), Theorem 4 will follow if we can show

t
lim f i is bounded.
- r(r)

Sincel/r~ U=1—2E, ] — « as t—t, so at some poin.t I becomes
positive. Thus, if we show the existence of a limit for /*Idr, we have
a limit for f'dr/r(z). Now, by (IV.1)

I = my(r,-v)) + ma(ry - vo) + ms(rs - vg)

=1,(m; v, + myVy) + my(r2 — 1) Vo + msr3 - Vs
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So by (I11.5)

I=myr-vo+ my(r; — 1) - vs
We showed in §VI that r,, r5, and v; have limits. Also
lr-vo] = VrVr v,

so that r . v,— 0 by (VIL.5). This proves Theorem 4.
We have

2
(VIL.7) 37 (r) = 2r- ¥+ 2r%

By (VI.1)

i, = @ (r — 1)) + bounded term,
12

P = % (r; — rz) + bounded term.
12

Subtract the first from the second,

f= — _"31:;—"12 r + bounded term.

So,
_mtmy
r

Using this with (VII.6) and (VIL7) gives Theorem 6.
To find the limit of rr%, we write

r-fF= + vanishing term.

22
ree
r"z_—_F—_——
r

and use ’'Hopital’s rule.

3 2 e . .
lim r? = lim 2T gim 2r(e + 1)
=ty t—ty r t—

2
= limr % (P = 2(m; + my)

t—ty

by Theorem 6. Thus

(VIL8) Vrr—+ v/ @2(m + my)).
But r—0, so (VI1.8) becomes
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Vrr— — V/(2(m; + my)),

and

0
J: \/rdr’\’ - \/(2(’"1 + my)) (4 —b).

Integrating the left side of this gives
2
3 ri?~ \/(2(m1 +my)) (& — ).

So Theorem 7 holds.

When two particles approach collision, the forces between them
approach infinity. When h = 0, so that the third particle remains at
a finite distance the forces which it exerts on the two colliding
particles remain finite; hence they become negligible compared to the
force between the colliding particles. Thus if two particles collide
(or come extremely close together) the local behavior of the two
particles should approximate that of a pure two-body problem.

Theorems 3 through 7 verify particular aspects of this. Sundman
(see [4]) verified still other aspects, such as that the colliding par-
ticles approach at a definite angle. However, this is a purely mathe-
matical result, based on the assumption that the particles are dimen-
sionless points which collide by coming into exact coincidence. The
chance that this might occur with real objects of finite dimension is
vanishingly small.

If two dimensionless particles have a very near miss, each will
approach the other, run around it, and recede on what is nearly a
hyperbola (approximating the exact hyperbolas of the pure two-body
problem). If the particles have appreciable size, this would be a
collision; this could vary from nearly head on to grazing impact,
depending on the closeness of approach in the idealized case of
dimensionless particles.
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a priori probability, 248
adelphic integral, 207
adjoint equation, 34
amplitudes, oscillations of
(unbounded), 188

analytic differential equations, 104
angular momentum, of axis, 147
artificial satellites, 224
asymptotically stable, 98
average couple, 134, 146
axially symmetrical

body, 132

stellar systems, 199
axis

of angular momentum, 147

of figure, 135, 141, 147

of rotation, 135, 141, 147

Bessel’s tfunctions, 25
Boltzmann distribution of energy, 198
Brownian motion, 249

canonical
equations, 37, 43
matrix, 44
transformation, 47
capture, 186
Cauchy existence theorem, 104
celestial mechanics, n-body equations
of, 106

characteristic exponent, 87
cluster

globular masses of, 180

life-time of, 244

masses of galaxies of. 180

radius of, 178
conditional periodicity, 54
conics, 9
constant (s)

of nutation, 143

of Oort, 204
continuity equation, 159
convergence, interval of, 101, 104, 105
Copenhagen problem, 158
couple components, 132

Debye length, 241
Delaunay
elements of, 63
method, 72
dispersion orbits, 219
distribution function, 191

earth(’s)
oblate, 224
orbit, eccentricity of, 138
eccentricity, 138, 139
of Earth’s orbit, 138
ecliptic
obliquity of, 134
rotation of, 136
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Eggen, groups of stars found by, 222
Ehrenfests approach, 231
elements of Delauney, 63
ellipsoid, three-axial velocity, 212
ellipsoidal
distribution, K. Schwarzchild’s, 204
law, general, 194
elliptic restricted problem, 166
ellipticity, mechanical, 135
Emden equation, 197
energy
Boltzmann distribution of, 198
integral, 112, 114
Ephemeris time, 6
epicyclic motions, 217
equation(s)
of center, 24
of Lagrange for variation of Kepler
elements, 69
of linear variation, 85
equinox, motion of, 135
ergodicity, 2256
escape
points, 183
rate, 245
of stars, 242
evolution of stellar systems, 247
extended phase space, 163

flow
analogy, 160
measure-preserving, 181
fluctuating force, 249
Fokker-Planck equation, 249
force
fluctuating, 249
function, 2, 152
fortnightly terms, 147
Fourier series, 24
fourth harmonic, 133

I'-space, 185
galactic rotation and relativity, 137
general
ellipsoidal law, 194
problem of three bodies, 154
precession (in longitude), 137
gravitation, Newton’s law of, 1
groups of stars, found by Eggen, 222

Hamilton-Jacobi
coordinates, 120
equations, 49

Hamiltonian, 43, 162

harmonic, fourth, 133

INDEX

homologous model, 251
Hopf, theorems of, 183

impact parameter, 234
inclination
of Moon’s orbit, 138, 140
Moon’s orbital, 142
inertial system of reference, 5
integrals, 193
local, 207
of motion, 203
interval of convergence,. 101, 104, 105
invariant set, 181
irreversibility, 230
irreversible dynamical systems, 167
isolating, 204
isothermal gas sphere, 198

Jacobi

constant, 154

integral, 154

see also Hamilton-Jacobi
Jacobian, 45
Jeans’ length, 240

K. Schwarzschild’s ellipsoidal
distribution, 204
Kepler('s)
elements, 61
equation, 13
laws, 14
problem, 58
kinetic
energy tensor, 176
equations, 124

Lagrange(’s)
equation of, for variation of Kepler
elements, 69
theorem, 21
Lagrangian, 42
Langmuir’s paradox, 242
Laplace’s equation, 120
latitude, variation of, 147
law of Schuster, 198
Legendre polynomial, 133
life-time of cluster, 244
linear variation, equation of, 85
Liouville’s equation, 193
Lipschitz condition, 101
Lissajous figures, 220
longitude, nutation in, 141, 145, 148
long-periodic terms, 128
lunar
couple, variability of, 147
precession, 135, 142, 144, 145, 147
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luni-solar precession, 136, 138

u-space, 185
MacCullagh’s formula, 132
masses

of clusters of galaxies, 180

of globular cluster, 180
matrix, canonical, 44
matrizant, 33, 36, 37
maximum couples, 134
Maxwellian distribution, 189

of velocities, 198
measure-preserving flow, 181
mechanical ellipticity, 135
method

of successive approximations, 101

of variation of constants, 66
motion, Newton’s laws of, 5
Moon’s

nodes, retrogression of, 141

orbital inclination, 138, 140, 142
motion

of equinox, 135

of pole, 135

n-body equations of celestial
mechanics, 106
Newcomb, 140
Newton’s laws
of gravitation, 1
of motion, 5
nodal retrogression, 142
nodes, retrogression of Moon’s, 141
nutation, 141, 144
constant, 143, 147
in longitude, 141, 145, 148
in obliquity, 141, 142, 143, 144, 148

oblate
earth, 224
planet, 119
spheroidal coordinates, 120
obliquity
nutation in, 141, 142, 143, 144, 148
of ecliptic, 134
Oort, constants of, 204
orbit(s), 222
dispersion, 219
eccentricity of Earth’s, 138
inclination of Moon’s, 138, 140
plane, 213
reference, 119
shell, 222
three-dimensional, 220
tube, 222
variational, 139
orbitally stable, 99
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oscillations of (unbounded)
amplitudes, 188

periodicity, conditional, 54
perturbation theory, 125
Picard

-Lindel6f theorem, 100

method, 101
Planck, See Fokker-Planck
plane orbits, 213
planet, oblate, 119
planetary precession, 136
Plummer, 198
Poincaré

elements, 66

transformation, 116
Poisson(’s)

brackets, 46

equation, 194

method, 71
pole, motion of, 135
polytropic gas sphere, 197
potential energy tensor, 176
precession, 141, 147

lunar, 135, 142, 144, 145, 147

luni-solar, 136, 138

planetary, 136

inR. A, 137

solar, 135, 147
precessional constant, 140
probability
a priori, 248

density, 228

quadratures, 121
quasi-isolating integral, 226

radius of cluster, 178
recurrence
objection, 230
theorem, 181
time, 188
recurrent points, 183
reductions, 158
reference orbits, 119
regularization, 100, 162
relativity, 1
relaxation time, 232
resonances, 227
restricted problem, 151
elliptic, 166
retrogression
of Moon’s nodes, 141
nodal, 142
rotation
of axis, 135, 141, 147
of ecliptic, 136
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satellites, artificial, 224
Schuster, law of, 198
screening effect, 241
secular terms, 211
self-gravitating stellar system, 194
semirestricted problem, 166
separable. 120, 206
shell orbits, 222
short-periodic terms, 128
singular point, 105
singularities and regularization, 105
six-monthly terms, 147
solar
couple, variability of, 146
precession, 135, 147
solutions in
large, 102
small, 101
space
I-, 185
u-, 185
sphere gas
isothermal, 198
polytropic, 197
spherical stellar systems, 195
spheroidal coordinates, oblate, 120
Staekel
condition, 52
system, 121
stars, groups of, found by Eggen, 222
steady couple, 135
Stellar systems
axially symmetrical, 199
evolution of, 247

INDEX

self-gravitating, 194
spherical, 195
Sundman’s transformation, 110
symmetrical body, axially, 132

tensor
energy
kinetic, 176
potential, 176
virial theorem, 176
theorems of Hopf, 183
third integral, 206
three
-axial velocity ellipsoid, 212
-body equation, 110
-dimensional orbits, 220
tidal force, 245
transtformation
canonical, 47
Poincaré’s, 116
Sundman’s, 110
tube orbits, 222

uniformizing variables, 123

variability

of lunar couple, 147

of solar couple, 146
variation of latitude, 147
variational orbit, 139
velocity of escape, 243
virial theorem(s), 172

of order higher than second, 176
von Zeipel method, 73, 126, 208



T hy‘ -

Lectures in Applied Mathematics

Proceedings of the Summer Seminar, Boulder, Colorado, 1960

VOLUME |

VOLUME I

VOLUME it

VOLUME IV

VOLUME V

VOLUME VI

VOLUME VII

LECTURES IN STATISTICAL MECHANICS
G. E. Uhlenbeck and G. W. Ford with E. W. Montroll

MATHEMATICAL PROBLEMS OF RELATIVISTIC PHYSICS
I. E. Segal with G. W. Mackey

PERTURBATION OF SPECTRA IN HILBERT SPACE
K. O. Friedrichs

QUANTUM MECHANICS

V. Bargmann

Proceedings of the Summer Seminar, Ithaca, New York, 1963

SPACE MATHEMATICS, PART 1
J. Barkley Rosser, Editor

SPACE MATHEMATICS, PART 2
J. Barkley Rosser, Editor

SPACE MATHEMATICS, PART 3
J. Barkley Rosser, Editor



